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About one year ago Olson and Lewis? published a short paper in which 
they proposed the hypothesis of a causal relation between natural radio- 
activity and the origin of species. The question had already been sug- 
gested by Muller*® in his justly famous address before the Fifth Inter- 
national Genetics Congress in Berlin in 1927. Muller’s later contribution‘ 
on the measurement of gene mutation rate in Drosophila and its depend- 
ence upon temperature effectually paved the way for the present investi- 
gation. According to Muller, ‘‘both the direction of the effect of tempera- 
ture on the time-rate of mutation, and its approximate magnitude, are 
the same as in the case of its effect on the time-rate of ordinary chemical 
reactions.” 

lt was pointed out by Olson and Lewis that the relative effects of rays 
of different frequency upon the production of variants has not been experi- 
mentally ascertained, but that since the rays can only be effective when 
absorbed, and thus produce ionization, it seems safe to assume that the 
various rays will produce biological effects in proportion to the ionization 
they cause. 

Determination of the rates of mutation in genetically identical organisms 
reared under the same conditions but at different localities where there is 
a known difference in the amount of ionizing radiation present should 
throw light on this question. If, furthermore, one. of the localities is so 
situated as to be protected from cosmic radiation and if here the amount 
of ionizing radiation present is considerably greater than at the other 
locality, it is possible to take the first step toward an answer to the ques- 
tion, Does cosmic radiation have any influence on rate of mutation? It 
happens that one of the two locations, described below, being situated 
beneath 140 feet of sandstone rock, is effectively screened from practically 
all cosmic radiation. ‘This is a secondary matter for the present, however, 
and is only mentioned in passing because it happens to be involved in the 
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set-up of the present investigation and because it may be possible to sup- 
plement this experiment at some future time in such a way as to determine 
the part played, if any, by cosmic radiation in influencing rate of mutation. 
As a matter of fact, it would seem highly probable that such extremely 
penetrating radiation as that designated by the term, cosmic rays, would 
have little influence on mutation simply because of its low absorption 
coefficient. 

The two locations selected for the present investigation are one of the 
laboratories of the Division of Genetics on the campus of the University 
of California at Berkeley and a small lateral tunnel opening off Twin 
Peaks tunnel in San Francisco. The two locations are separated by a 
distance of about fifteen miles. Through the courtesy of the San Fran- 
cisco Municipal Bureau of Engineering, permission was obtained to carry 
on the investigation and certain necessary facilities were provided. By 
careful electroscopic tests it has been found that there is at least twice as 
much ionizing radiation at the location in the tunnel as at the laboratory ° 
in Berkeley. Two such tests were made and in the second the electro- 
scope used was calibrated to give readings in ions per cc. per sec. 
A more detailed discussion of the conditions obtaining at the two locations 
will be presented in a later report. It need only be stated here that the 
incubator temperature is kept at 25.5 + 0.5°C. and the relative humidity 
ranges from 70 to 80 per cent. The same culture medium is used through- 
out. So far as is known the conditions of the experiment are practically 
identical at the two locations except for the known difference in ionizing 
radiation. 

A suitable organism for the investigation was found in the balanced 
lethal strain of Drosophila melanogaster which was synthesized by Muller‘ 
and obtained by us from Dr. Bridges of the California Institute of Tech- 
nology. In this strain, which we designate as CIB, the females carry a 
different lethal gene in each of the two X-chromosomes. One of these is 
associated with bar eyes and is prevented from crossing-over by the pres- 
ence in the same chromosome of a cross-over inhibitor. The lethal in 
this chromosome kills all the male flies which receive it. The lethal in 
the other X-chromosome is an allelomorph of bobbed and this does not 
kill the males which receive it because of the presence of a normal allelo- 
morph in the Y-chromosome, but the bobbed lethal does kill the females 
which are homozygous for it. The strain is maintained automatically, 
therefore, by the mating of any female with any male. Whenever a new 
recessive lethal gene originates in a male in the X containing bobbed lethal 
all the grandsons receiving this X are killed and such cultures contain no 
males. The X-chromosomes in this strain also carry several recessive 
genes which are of value in detecting the occasional rare cross-overs which 
occur in spite of the inhibitor mentioned above. They are also of value 
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in testing new lethals which occur when this strain is used in connection 
with some other such as the normal wild type. The only objection to the 
CIB strain for such an investigation as the present one is that because 
of the presence of the cross-over inhibitor it is impossible to test such new 
lethals as occur. During the first phase of the present investigation, 
however, the C/B strain alone was used. It was only necessary to mate 
individual females, whether virgin or not, with individual males of the 
same strain, to record the total number of cultures examined and note 
the number of cultures containing or ultimately producing no male flies, 
although about twenty or more female flies are produced. As was in- 
dicated above, when a culture is found which contains no males it is as- 
sumed to result from the origin of a lethal gene in the X-chromosome of 
the grandfather of this population. By this method a sufficiently large 
number of individuals could be tested so that even though the rates of 
mutation in the two locations were low, yet a difference in rate of about 
100 per cent would be statistically significant. 

Up to the present 5981 tests have been recorded in the first phase of 
the present experiment. Of this number, 3481 were made if Berkeley, 
and 9, or 0.26 per cent, were lethals; while 2500 tests have been made in 
the tunnel and of these 13, or 0.52 per cent, were lethals. The difference 
in rate is 0.26 + 0.11 when the probable error is calculated from a formula 
generally used in cases involving such small proportions 


(z aie 0.67454 E. ), 
Ny Ne 


where P = total number of lethals at the two locations, m, = total num- 
ber of tests at one location, and nm. = total tests at the other location. 
This difference is 2.5 times the probable error and such a difference might 
be expected to occur once in ten trials as a chance variation or, in other 
words, if difference in ionizing radiation had nothing to do with difference 
in rate of mutation and other conditions were equal. But, if the direction 
of the difference were specified, such a difference as the present one would 
be expected to occur only once in 20 trials as a chance variation. 

There is another method of computing the difference in mutation rate 
which analyzes the actual experimental variation in rate in the several 
subgroups of each series. If this variation within the series should be 
less than that to be expected in random sampling, the significance of the 
difference between the average rates for the two locations would be in- 
creased. This turns out to be the case. The number of individuals tested 
in the successive generations, beginning in each case with that one in which 
a sufficiently large number were tested to make the mutation rate of pos- 
sible significance, together with the corresponding number of lethals found 
and their rates of occurrence are given in the following table. 
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GENETICS LABORATORY TUNNEL 

340 0 0.00 

223 1 0.45 

629 3 0.48 121 0 0.00 

305 1 0.33 447 2 0.45 

309 1 0.32 477 3 0.63 

628 2 0.32 366 2 0.55 

279 1 0.36 254 2 0.79 

314 0 0.00 230 2 0.87 

335 0 0.00 . 519 2 0.39 
Totals 3362 9 2.26 2414 13 3.68 

Mean per cent of lethals 0.251 Mean per cent of lethals 0.526 


When the probable error of the mean rate for each location is calculated 
from the formula, E = + 0.67450, where oa is the standard deviation of 
Vn-1 
the rates of the several subgroups of a series and u, the number of sub- - 
groups (9 for the Berkeley series and 7 for the series in the tunnel) and 
since the probable error of the difference is equal to (E? + E?)”*, we 
have 


Mean per cent of lethals in tunnel................ 0.526 + 0.074 
Mean per cent of lethals in laboratory............ 0.251 + 0.044 
NE ok ain ay Su Mees sis em meee Be 0.275 + 0.086 


and here the difference is 3.2 times the probable error. Such a difference 
would be expected to occur only three times in a hundred trials as a chance 
variation. 

From these considerations. it seems fairly safe to assume that the same 
difference in rate of mutation will continue throughout the remainder 
of the experiment and that by the time 10,000 individuals have been 
tested the evidence will be correspondingly more conclusive. Further- 
more, another phase of this experiment has been under way for about two 
months, in which an X-chromosome from a normal, wild-type male is 
introduced into the C/B strain in alternate generations so as to be able 
to test such new lethals as may originate in this chromosome. Up to the 
present the data from this phase of the experiment are too scanty to warrant 
their presentation here, but at any rate they are in complete agreement 
with the data from the CIB strain alone. 

It might perhaps be thought by any who are not familiar with modern 
genetics that, because we have based this experiment upon the occurrence 
of lethals, it may not be applicable in the case of inherited changes in 
structure and function. Such, however, is not the case, as it is well known 
that genes which kill conform to the same genetic laws and apparently 
occur.in the same spontaneous way as do other genes. Furthermore, it 
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was found by Muller‘ that gradations between lethals and ‘‘visible” 
genes occur as well as cases of allelomorphism between lethals and visibles. 
But there is a more serious question as to the complete justification for 
the assumption mentioned above, that each new lethal is the result of a 
mutation in a single gene (point mutation). Considerable evidence has 
been advanced to show that cross-over inhibitors, such as the one carried 
in the bar chromosome of the C/B strain, are really short inverted sections 
of the same chromosome. If such is the case, it is conceivable that there 
might occur occasional rare unequal crossing-over in this inverted section 
which would result in a deficiency in one of the resulting chromosomes and 
deficiencies are usually lethal in the males. Since it is impossible to apply 
a genetic test to the new lethals appearing in the C/B strain, this question 
cannot be resolved without recourse to the second phase of the experi- 
ment, which will be reported in a later paper. 

Even now, however, it seems fairly safe to conclude that the natural 
ionizing radiation of the earth is a very important factor controlling the 
rate at which new inherited characters originate in animals and plants. 
While it may not be inferred from existing evidence that such radiation 
is the direct cause of mutation, yet a way is now open by which this 
question can be attacked experimentally. Since practically all cosmic 
radiation must be absorbed by the layer of rock above the tunnel, it only 
remains to insulate the incubator in which the flies are reared in the 
tunnel with sufficient lead to absorb the earth radiation at that location. 
Then it will be possible to conduct an experiment, with controls in the 
Genetric Laboratory, which will approximate fairly closely to the re- 
quirements for a crucial test of this important question. 

But no matter whether the natural radiation of the earth actually causes 
mutation or whether it only affects its rate of occurrence, there can be 
little doubt that it has played and is playing an important réle in the great 
drama of evolution. As Olson and Lewis have pointed out, all living 
things are exposed throughout the whole of their existence to feeble gamma 
radiation, and it seemed to these authors “not altogether extravagant to 
assume that such variations as actually occur in nature are due largely 
to the radioactivity of the environment.’’ ‘To the present writers it seems 
unnecessary to make such a sweeping generalization. Obviously, it is 
only tnherited variations which are of importance in evolution, and of 
these there are very many which are known to result from hybridization 
and chromosomal variation. But genic change or point mutation is cer- 
tainly a basic evolutionary process by which the chromosomes themselves 
become gradually metamorphosed during long periods of time, thus making 
possible the process of differentiation within species without necessarily re- 
sorting to any other process of germinal variation. It does seem altogether 
reasonable, in view of the evidence now available, to assume that point 
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mutations are actually caused in the main by the natural radioactivity 
of the earth. Radioactive materials are known to be generally distributed 
in and on the earth’s crust. More highly radioactive mineral deposits 
which lie near the surface of the earth very probably function as sources 
of ionizing radiation which influence the mutability of organisms existing 
in their vicinity. As Olson and Lewis suggested, comparative biological 
surveys of the native flora and fauna in regions found to have constantly 
higher rates of ionizing radiation than those which exist more generally 
over the surface of the earth may reveal valuable confirmatory evidence. 

This fairly conclusive demonstration that natural ionizing radiation 
controls the rate of mutation, when other conditions are kept practically 
constant, is therefore of broad biological significance. Possibly it will be 
found to have equally important practical aspects for agriculture and 
even for man himself. The possibilities appear especially attractive in 
the case of domestic animals which are not so easily treated experimentally 
with x-rays or radium as are plants for the purpose of inducing new heredi- - 
tary characters. 

Due acknowledgment will be made in a later paper to numerous in- 
dividuals who have aided the present investigation in various ways. 


1 Read before the Western Society of Naturalists during the 13th annual meeting 
of the Pacific Division A. A. A. S., at Berkeley, Calif., June 20, 1929. 

2 Olson, A. R., and Lewis, G. N., Nature, 121, 1928 (673-4). 

3’ Muller, H. J., Verh. V. Int. Kong. Vererb., Berlin, 1927; Zeits. Ind. Abs. Vererb. 
Suppl. 1, 1928 (234-60). 

4 Muller, H. J., Genetics, 13, 1928 (279-357). 


CHEMICAL INVESTIGATION OF BIOLOGICALLY ACTIVE 
LIPOIDS OF TUBERCLE BACILLI 


By R. J. ANDERSON 
DEPARTMENT OF CHEMISTRY, YALE UNIVERSITY 
Read before the Academy, Monday, April 22, 1929 


The present report is a review of work done during the past two years 
at the Sterling Chemistry Laboratory at Yale University and it forms a 
part of a comprehensive coéperative research on tuberculosis that is 
sponsored by the Research Committee of the National Tuberculosis 
Association. 

In beginning the present chemical investigation of the lipoids of tubercle 
bacilli, it was necessary first of all to devise methods for the separation 
of the ether-soluble constituents into general groups such as glycerides, 
phosphatide and wax.' It was found in preliminary experiments that 
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practically all of the lipoid substances of the bacilli could be removed 
by simple extraction of the fresh moist bacteria* at room temperature 
with a mixture of alcohol and ether followed by extraction with chloro- 
form. ‘The alcohol-ether treatment removed principally the glycerides 
and the phosphatide together with a small amount of wax while the 
chloroform extract consisted almost entirely of the so-called tubercle 
bacilli wax. The various fractions thus obtained were purified by treat- 
ment with ether and acetone or with methyl alcohol. 

Incidentally it may be mentioned that the alcohol-ether extract also 
contained a notable quantity of a water-soluble substance which appears 
to be a polysaccharide or possibly a glucoside. This substance exerts 
very toxic properties when introduced into a tuberculous animal but it 
is apparently non-toxic in healthy animals.” 

The quantities of material with which we were dealing are indicated 
below in table 1. 

The preliminary separation of the fat fractions into glycerides, phos- 
phatide and wax has been found to be of material assistance in the sub- 
sequent investigations of these compounds because it simplified the chemi- 
cal analyses and it permitted the study of biological reactions with ap- 
proximately pure products. 

The phosphatide was the first fraction that was isolated and it has been 
investigated both by chemical and biological methods. It has been 
found to possess particularly interesting and important properties. Pinner® 
reported that it was a true antigen and this observation has been con- 
firmed and greatly amplified by more recent experiments by Sabin and 
Doan.‘ 


TABLE 1 
LiporD FRACTIONS FROM 2000 CULTURES OF TUBERCLE BACILLI, STRAIN H-37 

Acetone soluble fat 240.0 gm. 
Purified phosphatide, A-3 194.5 gm. 
Crude wax 485.6 gm. 
Polysaccharide 33.9 gm. 
Dry bacterial residue 2902.0 gm. 

Total dry bacteria 3856.0 gm. 


The earliest and perhaps most important observation regarding the 
biological activity of the phosphatide was reported by Sabin and Doan® 
who found that intraperitoneal injections of the substance caused an 
increase in monocytes and epithelioid cells in the blood. The same in- 
vestigators also reported that such injections were followed by the forma- 
tion of massive typical tubercular tissue, especially in the omentum. 

It became interesting to determine, if possible, the cause of this peculiar 
biological behavior and the phosphatide was subjected to a complete 
chemical analysis.® : 
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TABLE 2 
COMPOSITION OF PHOSPHATIDE, A-3 


Phosphorus 2.30 per cent 
Nitrogen 0.35 per cent 
Total fatty acids 66.73 per cent 
Total water soluble 33.14 per cent 


After hydrolysis, the substance yielded about 67 per cent of mixed 
fatty acids and some 33 per cent of water-soluble material and these 
cleavage products were separated and studied. 


TABLE 3 
CLEAVAGE Propucts OF PHOSPHATIDE A-3 


Palmitic acid 30.5 per cent 
Oleic acid after reduction to stearic acid 12.8 per cent 
Liquid saturated fatty acid 20.9 per cent 
Glucose 13.9 per cent 
Sugar acid 13.8 per cent 
Glycerophosphoric acid 5.4 per cent 


Among the fatty acids palmitic and oleic acid were isolated and identified 
and we also isolated a saturated fatty acid of high molecular weight which 
was liquid at room temperature and which was optically active. Bio- 
logical studies’ have revealed the fact that the acid itself produced the 
reactions peculiar to the phosphatide, i.e., it caused the proliferation of 
monocytes and epithelioid cells in the blood and it called forth massive 
tubercular tissue in the omentum. 


TABLE 4 
ANALYSIS OF CRUDE TUBERCLE BACILLI Wax 


Yellow wax-like solid, m. p. 50-51. 
It contained phosphorus, nitrogen and 1.02% ash. 
Purified by precipitation from ether, chloroform and toluene by methyl] alcohol. 


PURIFIED WAX SOFT WAX 
White amorphous powder Brown soft solid 
Decomposes at 200-205 °C. Contained only traces of P, N and ash. 


Analysis, P 0.49, N 0.77, ash 1.39% 


From the results of earlier investigators*® it is evident that the tubercle 
bacilli contain a lage amount of a substance that has been called a wax 
and our own experiments fully confirm this fact. The method of ex- 
traction of the lipoids from the bacilli which was developed in our work 
made it possible to secure the principal quantity of the wax in the chloro- 
form extract. ‘The crude wax constituted nearly 50 per cent of the total 
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fats. It was a light yellow, somewhat brittle substance that resembled 
beeswax in appearance and it melted at 50-51°C. For purification it 
was precipitated from ether, chloroform and toluol by methyl alcohol. 
We obtained in this manner a white solid powder which melted with 
decomposition at 200-205°C. and this fraction was designated ‘‘purified 
wax.” ‘The mother-liquors ‘yielded on concentration a yellowish soft 
solid which was designated ‘‘soft wax.” 

By chemical analyses of these wax fractions we obtained small amounts 
of fatty acids together with a large amount of a white solid substance 
which may be designated as unsaponifiable matter or perhaps more cor- 
rectly as unsaponifiable wax. From the fatty acids it was possible to 
isolate liquid saturated fatty acids of high molecular weight which were 
similar or analogous to the acid obtained from the phosphatide. 


TABLE 5 
ANALYSIS OF THE PURIFIED Wax 
Hydrolyze by boiling with alcohol containing 2% HCl. 
Dilute and extract with ether. 
ETHER SOLUBLE 70-71% WATER SOLUBLE OVER 30% 
Containing fatty acids and ‘‘unsaponifiable Containing reducing sugars, glycero- 
wax”’ phosphoric acid, glycerol, phosphoric 
acid. 


Saponification of the acetone-soluble fraction of the bacillary fat yielded 
much larger quantities of these peculiar acids. In fact, the glycerides 
proved to be the richest available source for these products. 

It has been difficult to secure a sufficient quantity of these new acids to 
carry out a thorough study regarding their composition since only a few 
grams of the acids could be isolated from the phosphatide or from the wax. 
Fortunately we had nearly 200 grams of acetone-soluble fat from the 
tubercle bacilli and this fat was found to contain about 35 per cent of 
liquid saturated fatty acids. 


TABLE 6 
COMPOSITION OF THE ACETONE SOLUBLE Fat 

Total fatty acids 77.71 per cent 
Unsaponifiable matter 11.57 per cent 
Saturated solid fatty acids 30.19 per cent 
Liquid fatty acids 47.23 per cent 
Unsaturated fatty acids as stearic acid 

after reduction 11.66 per cent 
Liquid saturated fatty acids 35.57 per cent 


All of these various fractions of the liquid saturated fatty acids have 
been tested biologically by Sabin and Doan and it has been found that 
they all possess properties similar to that of the phosphatide. 
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The crude liquid saturated fatty acids obtained after saponifying the 
acetone-soluble fat were converted into the methyl esters and the latter 
were purified by fractional distillation in high vacuum yielding two princi- 
pal fractions. The purified esters were saponified and the free acids were 
isolated. 

The acid from fraction 1 was an oily liquid at room temperature. When 
cooled in ice water the substance formed a white solid which melted at 
14-15°C. and the acid was optically inactive. The composition, as de- 
termined by analysis and molecular weight, corresponds to the formula 
CisH3O2. The acid is, therefore, an isomer of stearic acid. The low 
melting point must be due to a peculiar constitutional configuration and 
the acid probably possesses a highly branched chain. We propose to call 
this acid tuberculo stearic acid. 

The acid from fraction 2 was a white solid, which melted at 28°C. 
The substance was optically active [a|j} = +7.98°. The composition. 
and molecular weight corresponds to the formula C2sH;2O2 and it is, there- 
fore, isomeric with cerotic acid. Since this compound appears to be of 
peculiar importance in connection with the manifestation of experimental 
tubercular lesions we propose to designate it by the name phthioic acid 
in order to indicate its relation to tuberculosis. 

The composition and properties of these new acids are shown below in 
table 7. 


TABLE 7 


New Fatty Acips FROM ACETONE-SOLUBLE Fat 
—aepiag vetoes * 


NAME DESCRIPTION M. P. [e]p MOL. WT. 
Tuberculo stearic acid Oil Es Gl Inactive 286 75.84 12.75% 
Calculated for C)sH3.O02 284 76.05 12.67% 
Phthioic acid Solid 28°C. +7.98° 398 78.41 12.93% 
Calculated for CosH;2O2 396 78.78 13.13% 


From the results that have been obtained so far it seems most probable 
that we are dealing with a series of new fatty acids that have not pre- 
viously been found in nature. While only two members of this series have 
been isolated in a reasonably pure state up to the present time, it is not 
improbable that other analogous acids will be discovered. 

These compounds can only be separated from other fatty acids by 
complicated and laborious methods but since they form lead salts that 
are easily soluble in ether they are always found with the unsaturated 
liquid acids after treating the lead salts of the total mixed acids with 
ether. Such a mixture cannot be ‘further separated by any ordinary 
method. However, by catalytic reduction the unsaturated acids that are 
present can be converted into stearic acid and by repeating the lead soap 
ether treatment only the salts of the liquid acids go into solution. After 
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decomposing the ether-soluble lead salts, the free acids can be isolated and 
purified as indicated above. 

Summary.—All of the various lipoid fractions isolated from tubercle 
bacilli possess the property of stimulating the proliferation of monocytes, 
epithelioid and giant cells and the subcutaneous injection of these products 
leads to the formation of tubercular tissue. The factors responsible for 
this reaction have been identified as certain liquid saturated fatty acids. 
The substance possessing the greatest biological activity is a dextrorotatory 
fatty acid of the formula C2sH;20. which has been named phthioic acid. 


* We are indebted to Messrs. H. K. Mulford & Co. of Philadelphia who supplied 
us with 2500 cultures of tubercle bacilli, strain H37 for this investigation. 

1 Anderson, R. J., J. Biol. Chem., 1927, 74, 525. 

2 White, Wm. C., Trans. Assoc. Am. Physicians, 1928, 43, 311. 

3 Pinner, M., Am. Rev. Tuberculosis, 1928, 18, 497. 

4 Sabin, F. R., and Doan, C. A., unpublished results. 

5 Sabin, F. R., and Doan, C. A., J. Exp. Med., 1927, 46, 645. 

6 Anderson, R. J., J. Biol. Chem., 1927, 74, 537. 

7 Sabin, F. R., Doan, C. A., and Forkner, C. E., Trans. Nat. Tuberc. Assoc., 1928, p. 253. 

8 Aronson, H., Berl., Klin. Woch., 1898, 35, 484; Kresling, K., Centr. Bact., 1 Abt., 
1901, 30, 897; Bulloch, W., and MacLeod, J. J. R., J. Hyg., 1904, 4,1; Dorset, M., and 
Emery, J. A., Centr. Bakt. Ref., 1906, 37, 363; Auclair, J. and Paris, L., Arch. Med. 
Exp. et anat. path., 1907, 19, 129; Goris, A., Ann. Inst. Pasteur, 1920, 34, 497; Fontes, 
A., Centr. Bakt., 1909, 49, 317; Panzer, T., Z. physiol. Chem., 1912, 78, 414; Tamura, 
S., Z. physiol. Chem., 1913, 77, 85; Biirger, M., Biochem. Z., 1916, 78, 155. 


A HOMOZYGOUS TRANSLOCATION IN DROSOPHILA 
MELANOGASTER 


By Tu. DoBpzHANSKY 
CALIFORNIA INSTITUTE OF TECHNOLOGY, PASADENA, CALIFORNIA 


Communicated June 26, 1929 


Five cases of translocation involving the third and the fourth chromo- 
somes of Drosophila melanogaster have been found in the progeny of flies 
treated by x-rays. The flies carrying a given translocation seem to be 
perfectly normal in their appearance, but, when tested genetically, they 
show linkage of genes belonging to the third with genes belonging to the 
fourth linkage group. Thus, males heterozygous for a given translocation 
and for the third-chromosome dominant gene, Dichaete, and the fourth- 
chromosome recessive eyeless (i.e., Dichaete non-eyeless in appearance) 
when crossed to homozygous eyeless females from regular stock give only 
Dichaete non-eyeless and eyeless offspring, but no Dichaete eyeless and 
no wild-type offspring. Dichaete males from this mating give the same 
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result again, if mated to homozygous eyeless females. ‘The stocks of the 
translocations are maintained, in heterozygous condition, by crossing in 
each generation Dichaete males heterozygous for the translocation to 
regular eyeless females. 

Genetical and cytological study of these translocations showed that in 
each of them one member of the pair of larger V-shaped autosomes (ob- 
viously the genetical third chromosome) is broken into two parts of un- 
equal length, and the shorter part is attached to the small round chromo- 
some (the fourth chromosome). 

It has been found genetically that in two cases the third chromosome is 
broken between the loci of the genes Dichaete and thread. In these cases 
the oégonial metaphase plates show one of the larger V-shaped autosomes 
with one limb markedly shortened (presumably this shortening represents 
the absence of the part of the third chromosome containing the loci to 
the left of thread) and a short rod-shaped chromosome not present at all 
in the normal chromosome group of the species. This rod-shaped chromo- 
some is the translocated fragment of the third chromosome containing the 
loci from Dichaete to the left end of the chromosome, attached to the 
fourth chromosome. Only one free spherical fourth chromosome is found 
in most plates. 

In a third case the genetical data suggested that the third chromosome 
has been broken very near its extreme right end (to the right of claret) 
and a very small piece of it has become attached to the fourth chromosome. 
In cytological preparations in this case the third chromosomes appear 
normal but one of the fourth chromosomes is slightly increased in 
size. 

In a fourth case the third chromosome is broken between scarlet and 
pink, i.e., nearer to the middle of the chromosome than in the first two 
cases described above. Cytologically, two fragments of the larger auto- 
some are found. One of them is longer and J-shaped (presumably it 
contains the loci from pink to the right end of the chromosome), and the 
other is shorter and rod-like (presumably it is the fragment carrying the 
loci from scarlet to the left end of the chromosome attached to the fourth 
chromosome). Only one free fourth chromosome is present in most 
plates. 

Finally, in the fifth case the breaking point of the third chromosome is 
located genetically between the genes pink and curled. The cytological 
situation in this case is essentially like that in the preceding one, but in 
this case the J-shaped chromosome appears a little longer, and the rod- 
shaped chromosome appears a little shorter than in the preceding case. 
Here, the J-shaped chromosome contains the genes located in the normal 
third chromosome to the left of pink, and the rod-shaped carries the genes 
located from curled to the right end of the third chromosome. The rod- 
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shaped chromosome in this case also must include the material normally 
located in the fourth chromosome. 

In general these results showed that the size of the fragments of the 
third chromosome as seen cytologically is roughly proportional to their 
size as estimated on the basis of genetical data. 

In the fourth case described above, the rod-shaped fragment of the third 
chromosome is more than twice as long as in the first and the second cases. 
But when estimated genetically it is not more than one-fifth longer in the 
fourth case than in the first and the second. ‘These discrepancies may be 
easily explained by the assumption that in the middle of the third chromo- 
some crossing-over is relatively lower per unit of the actual chromosome 
length, and accordingly the distances between the genes in the middle 
part of the third chromosome are represented by the genetical map of this 
chromosome as relatively closer together than they are in the chromosome 
itself. On the other hand, the actual distances between the genes located 
near the ends of the chromosome are exaggerated by the genetical 
map.* 

A considerable amount of work has been done in the endeavor to secure 
some of the translocations in homozygous form. As pointed out by Muller 
(1928), the majority of the translocations are unviable when homozygous. 
The reasons for this are not yet understood. It seems to be possible that 
a breakage of a chromosome, which is necessary for the occurrence of a 
translocation, may take place only in case the chromosome is previously 
injured by some agent. Or, to the contrary, the breakage itself is likely 
to do some injury to the chromosome. Anyway this rule is not necessarily 
true, since out of the five cases of translocation described above, two 
cases (the fourth and the fifth) give rise to individuals homozygous for 
the translocation. 

In the fourth case (in which the third chromosome is broken between 
scarlet and pink) flies homozygous for the translocation appear to be 
somatically normal. The males are fairly fertile, but females seem to be 
completely sterile, having rudimentary ovaries with no egg-chambers 
formed. 

In the fifth case (the third chromosome is broken between pink and 
curled) the flies homozygous for the translocation are seemingly normal 
morphologically and are fertile in both sexes, though the fertility of the 
females is lower than in wild-type flies or in heterozygous translocation. 

The chromosomes of the females homozygous for this translocation have 
been studied. Seven sufficiently clear oégonial metaphase plates all pre- 
sent the same peculiar condition described below. One pair of normal- 
looking rod-shaped X-chromosomes and one pair of V-shaped second 
chromosomes are present. No small round fourth chromosomes have been 
found in the plates studied.. One pair of J-shaped chromosomes and one 
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pair of rod-shaped chromosomes (which are shorter than the X-chromo- 
somes) are invariably present in the plate. These J-shaped and rod- 
shaped chromosomes are beyond doubt the fragments of the larger V- 
shaped autosome of the normal fly (the third chromosome), the rod-shaped 
chromosome containing also the fourth chromosome, which provides a 
spindle fiber attachment. 

The pair of the J-shaped chromosomes of the homozygous translocation 
shows somatic pairing with each other; the same is true in respect to the 
smaller rod-shaped pair. But the J-shaped and the rod-shaped chromo- 
somes do not manifest any attraction to each other, in spite of the fact 
that they are both fragments of the same chromosome of the normal fly. 
This suggests that the phenomenon of somatic pairing, characteristic of the 
chromosomes of Diptera, is due rather to attraction between homologous 
parts of the chromosomes than to attraction between the chromosomes as 
entities. 

Taken as a whole, the chromosomal complex of the homozygous trans- 
location looks so different from the complex of the normal fly of the species 
Drosophila melanogaster that probably most observers would recognize 
in it a different species. In fact, it seems to be more like the chromosomal 
complex of Drosophila immigrans Sturt. (Morgan, Bridges, Sturtevant, 
1925, Fig. 60D) or to that of Drosophila melanica (loc. cit., Fig. 60E). 
Nevertheless, as mentioned above, the homozygous translocation is 
- scarcely different from the normal fly in external appearance. This shows 
that the properties of the organism are determined not by the form or 
the shape of the chromosomes, but rather by the content of the chromo- 
somes, i.e., the genes. 

Since the homozygous translocation has the third chromosome of the 
normal fly broken into two parts, it might be expected that in crosses 
the genes located in different fragments would show no linkage but would 
show complete independence of each other. The breakage occurred 
between the genes pink and curled. Therefore the loci from pink to the 
left end of the chromosome must constitute one linkage group (corre- 
sponding to the J-shaped chromosome of the translocation), and the loci 
from curled to the right end of the map of the chromosome must form 
another linkage group (corresponding to the rod-shaped chromosome of 
the translocation). In other words the third-chromosome linkage group 
of Drosophila melanogaster must in this case be broken into two inde- 
pendent linkage groups. The following experiment shows that this is 
really the case. 

Flies have been secured which were homozygous in respect to the trans- 
location but heterozygous in respect to the following genes belonging to 
the third linkage group of the normal fly: recessives roughoid (ru), hairy 
(h), thread (th), scarlet (st), sooty (e°), claret (ca) and a dominant Dichaete 
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(D). Males of the above genetical composition have been crossed to 
normal (i.e., not carrying translocation) females homozygous for ru, h, 
th, st, e’ and ca. ‘This cross may be represented as follows: 


muh + th ste ca muh+ thst e-ca 


ruh + th st e° ca =? ++D++ ++ 








If the third chromosome of the above male were not broken, the progeny 
of this cross would consist of ru h th st e ca and of D individuals only. 
But the breakage should allow ru h th st and D e’ ca individuals also to 
appear, so that the offspring should consist of the above four classes in 
equal numbers. The results obtained in the experiment are: 


ru hth st e® ca ru thh st D eé* ca D 
Observed 227 243 238 232 
Expected 235 = 13.2 235 = 13.2 235 + 13.2 235 + 13.2 


There can be no escape from the conclusion that the standard third 
chromosome linkage group, following the break of the visible third chromo- 
some, has become also broken into two independent linkage groups. It 
necessarily follows that the different parts of the visible third chromosome 
contain different genes. 

As is well known, in males of Drosophila the linkage between the genes 
belonging to the same linkage group is complete, but in females crossing- 
over occurs. The above experiment shows that in males of the homo- 
zygous translocation there is no crossing-over within either of the “new” 
linkage groups. It becomes interesting to find whether in females homo- 
zygous for the translocation there is crossing-over, and if so, what is the 
frequency of it between the different genes as compared with the frequency 
of crossing-over between the same genes in ordinary flies. An experiment 
was arranged as follows: 


mh-+ thst e'ca Ck Send ow 
+4+D+4+4+ ++ ? ruh + th st e ca 


The crossing-over within the ‘‘new” linkage groups did occur. The 
frequencies of recombination may be seen in the following table: 








% IN HOMOZYGOUS 


INTERVAL TRANSLOCATION STANDARD % DIFFERENCE 
mu —h 27.8 26.5 + 1.3 
h —D 14.4 13.9 + 0.5 
D — th 1.2 1.8 — 0.6 
th — st 1.5 1.8 —- 0.3 
st — é° 46.5 26.7 +19.8 


ce — 31.1 30.0 +1.1 
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Since the break of the third chromosome occurred between scarlet and 
sooty (more exactly between pink and curled), 50% of recombinations 
would be expected. In fact, there is observed 46.5% of recombinations. 
In all intervals in which the crossing-over frequencies have been studied 
in the homozygous translocation, the crossing-over values are but slightly, 
if at all, different from the standard. 


* These results in a more extended form are in publication in Biologisches Zentral- 
blatt. Independently Muller and Painter have come to similar results on the basis 
of study of numerous translocations obtained by them in Drosophila (Muller and 
Painter, 1929). 

Morgan, T. H., C. B. Bridges, A. H. Sturtevant, ‘The Genetics of Drosophila,”’ 
Bibliographia Genetica, 2, 1-262, 1925. 

Muller, H. J., “The Production of Mutations by X-Rays,” Proc. Nat. Acad. Sct., 
14, 714-726, 1928. 

Muller, H. J., and T. S. Painter, “The Cytological Expression of Changes in Gene 
Alignment Produced by X-Rays in Drosophila,” Am. Naturalist, 63, 193-200, 1929. 


MAGNETIC SUSCEPTIBILITY OF NITRIC OXIDE AT 296°K. 
AND 216°K. 


By FRANCIS BITTER! 
NoRMAN BRIDGE LABORATORY OF Puysics, CALIFORNIA INSTITUTE OF TECHNOLOGY 
Communicated July 15, 1929 


In the course of attempts to improve and simplify present methods 
for measuring the magnetic susceptibility of gases, the following observa- 
tions on the susceptibility of NO were made, and as the work is being con- 
tinued on entirely different lines, it is proposed to publish this result 
separately in a short paper. 

Apparatus.—The method is essentially that of hanging a test body 
surrounded by the gas to be measured in an inhomogeneous magnetic 
field, as it has been used by Glaser,? Vaidyanathan,* Hammar,‘ and 
others. The chief improvement lies in getting rid of the relatively 
enormous forces on the test body without having recourse to para- 
magnetic substances, which make the apparatus so sensitive to small 
temperature changes. Figure 1 shows the essential features of the test 
body. It is made entirely of pyrex glass, the parts being fused together. 
P represents the pole pieces of the magnet,® and the position of the test 
body as shown is an equilibrium position with a vacuum inside and 
outside the tubes ABCD. The tubes A and B are connected with the 
surrounding gas through the tube E which is hooked to a quartz fiber 
suspension. ‘The tubes C and D can be sealed off at F. In the following 
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measurements, a paramagnetic gas (air) was sealed off in C and D which 
displaced the equilibrium position of the test body in the sense indicated 
by the arrows in the figure. 
Measurements were then made F 
by comparing the deflections A BR 
when different gases at different \ / 
pressures were admitted to the 0 
surrounding chamber and the 
tubes A and B. The whole 
system was immersed in a bath 
to a depth of about 10 inches. g Pp 
Theory of Measurements.— 
Without writing down the 
fundamental integrals which 
govern the forces here in play, 
we may say that if a gas Gi, 
at a temperature 7;, and pres- 
sure P;, has a volume sus- 
ceptibility K,(Ti, P:), and gives 
under these conditions the same 
deflection as G2, whose volume 























susceptibility is K2(T2, Ps), “nan > 
then 
FIGURE 1 
K\(Ti, P,) = K2(Te, Py»). (1) 


K may be written quite generally® 
r NB? 
ee Oe «aes ’ 
K(T, P) F la a) ET ox | (2) 


where N, P, k, T have their usual significance, and ax represents the 
contribution of a diamagnetic component which, unless it is present in 
great excess, is small compared to (1 — a)Nf?/3kT, and B represents 
the magnetic moment of a molecule. Now, if in formula (1) 7; = Ts, 
we get 


Pil, Ng? | Al NB; | 
( oy pina =“ G22 sae da. Bene 
y | a) BRT, 4X1 T, (1 a2) BRT, exe |. (3) 


In the following, in comparing air and NO, a),%, and a2x2 may be 
neglected. We then get 
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| i ee | (4) 
Po jr, (1 — a) Bi Jr; ; 


an expression independent of the temperature. Writing 8,, for 62, and 
0 (which applies to NO) for 6), we get, putting a, = 0, 


Pe | i Pe | = - — os] : (5) 
Po Jr, = Po Jr e |r, 07 Jr, 


or assuming (,, constant,’ 


Fi + Q3, 
Nop, ey) = 2. (6) 
ote Ti | Te 03, 


‘The left-hand side of (6) contains only measurable quantities, and the — 
right side is the ratio of the atomic moments of NO at two different tem- 
peratures, which should be one if the moments are constant. 
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FIGURE 2 


Observations.—The gases used were air and NO—both were thoroughly 
dried and passed slowly through traps cooled in solid CO2, the lowest 
temperature used in the experiment. 

The observations are plotted in figure 2. The deflections are in cm. 
on a scale at a distance of about 150 cm. from the mirror on the test 
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body. ‘The observed points depart from the straight lines drawn in the 
figure, which is to be expected, as the test body is in a different position 
in the field for different deflections. The fact that over a considerable 
range, however, the points do lie on a straight line makes it very easy 
to read off the pressures needed for equation (6). The temperatures at 
which the experiment was carried out were 296°K. and 216°K., the latter 
being produced by a solid CO, bath. 
The numerical result obtained from figure 2 is: 
2 
Gre? _ 1.08 (7) 


2 
Oo16° 


The error is possibly 3%. 

Discussion of Results —Van Vleck® has calculated the susceptibility of 
NO. Briefly, his results are: 

(1) That the general formula for the molecular susceptibility of a para- 
magnetic gas is: 


Ne? 

X= oF (8) 

(2) That NO, having a doublet in the normal state with energy spacing 
of the order of magnitude of kT, will have different concentrations of these 
two states at different temperatures. In the lower state the atomic 
moment is zero, and in the upper state, the atomic moment is 2 Bohr 
Magnetons. 

(3) Using these facts and applying the Boltzman distribution, the 
formula 





a 487(1 — e-* + xe~*) 





x + xe (9) 
x= 7 = ah is obtained. Substituting the values for T in this 
expression, there results 
Ow’ = 1.07, (10) 
036° 


which is in very good agreement with the value 1.08 actually observed 
for this ratio. 


1 NATIONAL RESEARCH FELLOW. 
2 Glaser, Ann. Physik, 75, 459, 1924. 
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3 Vaidyanathan, Ind. J. Ph., 2, 138, 1928. 
4 Hammar, Proc. Nat. Acad. Sci., 12, 594, 1926. 
5 The large electromagnet used was very kindly lent me by the Mt. Wilson Observa- 


tory. 

6 Van Vleck, Phys. Rev., 31, 587, 1928. 

7 Onnes and Oosterhuis, Konink Akad. Wetenesch Amst. Proc., 15, 1404, 1913. Com- 
munication No. 134d, Phys. Lab., Leiden. 


HYPER-FINE STRUCTURE IN SPECTRAL LINES— 
ESPECIALLY THOSE OF SINGLY IONIZED 
PRASEODY MIUM* 


By R. C. Gress, H. E. Wuire AnD J. E. RuEDY 
DEPARTMENT OF Puysics, CORNELL UNIVERSITY 


Communicated June 17, 1929 


Fine structure in spectral lines has been reported from time to time 
for a few lines in each of several elements. In the majority of cases this 
complexity has been observed in the case of lines arising from the neutral 
atom, though a few lines, identified as belonging to the spectra of singly 
ionized helium, aluminum and lanthanum, have also been found to 
consist of two or more components. So far as we are aware no line defi- 
nitely identified as belonging to the spectra of an element in a stage of ioniza- 
tion higher than the first has been reported as having more than a single 
component. This can hardly be taken to mean necessarily that lines 
radiated by atoms in the higher states of ionization are, on the whole, 
simpler than those in the arc and first spark spectra. The spectra of 
highly ionized atoms are comparatively difficult to produce and many 
of the stronger lines are found in regions of the spectrum where high dis- 
persion apparatus cannot be so readily utilized. All but the more recent 
observations of complex structure are mentioned and discussed in reports 
by Ruark! and Chenault,? and by Meggers and Burns.* Bach and Goud- 
smit* used very high precision apparatus in studying the Zeeman effect 
upon certain hyper-fine lines of bismuth. McNair® has studied the Zee- 
man patterns of the hyper-fine lines in the 2537 line of mercury. Schuler® 
has observed close components in certain lines of lithium and in the D 
lines of sodium. King’ in making a careful study and classification of 
lines in the spectra of praseodymium has pointed out the complex struc- 
ture of many of these lines, the vast majority of which are believed to 
belong to the first spark spectrum. Very recently King* has reported 
the existence of hyper-fine structure in lines from several other rare-earth 
elements. 
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In most cases of hyper-fine structure the number of components found 
is not the same for the various complex lines of any one element. In 
King’s’ list of praseodymium lines the components for complex lines 
range in number from two to six with many in doubt because of the lack 
of sufficient dispersion to separate the components distinctly. His ob- 
servations were taken chiefly from plates made in the second order spec- 
trum of a 15-foot grating having about 15,000 lines to the inch. Last 
summer photographs of the emission lines from a carbon arc cored with 
praseodymium oxalate, most of the strong lines of which according to 
King’s classification are those from singly ionized atoms, were made by 
one of us over the region 3900 to 5000 Angstroms, using the fourth-order 
spectrum of the 75-foot solar spectrograph on Mt. Wilson, the grating 
of which has about 15,000 lines to the inch. A dispersion of about 1.5 
Angstroms per centimeter was obtained and the complex structures of 
many lines were clearly resolved. Within the region studied all of the 
completely resolved fine structures consist of six components. In order 
to bring out as many lines as possible with a single exposure a rather wide 
slit was used and fairly long exposures were made. Consequently, some 
of those lines that have relatively small dispersion between their com- 
ponents are too blurred on the plates to enable the number of components 
to be accurately determined. Other lines with slightly greater separa- 
tions reveal definitely the number of components but the separations of 
their closer components cannot be measured with precision. Of the 
nearly 200 lines within the above-mentioned region that exhibit a complex 
structure 33 lines have been studied and their component separations 
carefully measured. The results are shown in table 1. The size of the 
dispersion for any region was determined from solar absorption lines photo- 
graphed contiguously on the same plate, while wave-lengths were de- 
termined from single or very sharp lines of praseodymium as listed by King. 

The components of some lines show decreasing intervals and intensities 
toward shorter wave-lengths while others are similarly degraded toward 
longer wave-lengths. This fact is indicated in table 1 by giving in column 
2 the wave-length of the component of strongest intensity which is either 
the component of maximum wave-length or of minimum wave-length 
according to the direction in which the components are degraded, and by 
listing in column 4 the separations of the components in hundredths of 
cm.~', arranged in the order of progression from the strongest component. 
These lines can be classified roughly according to the separations of their 
components into three groups. This classification is indicated in the 
table by a step-wise displacement of the separations in column 4 and by 
the three sub-columns of total separation values in column 5. At the 
bottom of the table the maximum variation in corresponding separations 
is shown for lines that are grouped together. It is difficult to say how 
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much significance, if any, should be attached to this classification. Fur- 
ther study of these lines with sharper photographs and of additional lines 
may indicate the possibility of a finer and more extended grouping. Such 
more precise groupings, if found possible, will doubtless assist in arranging 
the composite lines into ordinary multiplets and in recognizing the way 
in which the terms of these multiplets are split up to form fine structure 
terms. Further study and experimentation with this end in view is con- 
templated. Doubtless Zeeman patterns of some of these lines will be help- 
ful in this connection. A somewhat enlarged reproduction of the photo- 
graph of four of the lines studied is shown in figure 1. This gives a fairly 
good picture of how these lines look. From the figure and the table it 
is seen that the frequency intervals between the components of any one 
line follow very closely the Landé! interval rule, and that the relative 
intensities of the components decrease with the interval. All of the lines 
for which detailed data are given are listed by King as belonging to the 
spectrum of singly ionized atoms. 

It has been suggested by other investigators that the splitting up of 
ordinary energy levels into fine structure sub-levels might be attributed 
to the nucleus of an atom having a resultant angular momentum and 
hence a magnetic moment. This assignment of a magnetic moment to 
the nucleus rather than to electrons in the external shell of the atom is 
due to the fact that the separations between sub-levels is extremely small 
as compared with the splitting up due to various couplings between ex- 
ternal electrons. 

Bach and Goudsmit* were in one case able to assign an angular momen- 
tum of 9/2-h/2x to the nucleus of bismuth. In order to account for the 
fine structure in Pr II, as shown in the figure, an angular momentum of 
5/2:h/2m should be assigned to the once-ionized atom of praseodymium. 
This angular momentum space-quantized with the resultant angular mo- 
mentum of the external electrons would cause each multiple energy level 
to be broken up into six components. Under such conditions an electron 
transition may, apparently, take place in at least six different ways, 
where as before it could take place in only one way. 

The assignment of quantum numbers to each of the six sub-levels of the 
initial state and also the six sub-levels of the final state should under the 
ordinary selection principles yield as many as fifteen or sixteen radiated 
lines. Normally we should expect six of these lines to be intense lines 
with the remaining nine or ten lines somewhat weaker. If the sub-levels 
of both the initial and final states follow the ‘‘Lande Interval Rule,’’ as 
we would expect, then the six strong lines should reveal intensities and 
relative separations exactly as shown in the photographs. Since the 
other nine or ten lines, as the case may be, have not yet been observed, 
we may say that they are either very weak or that they do not occur. 
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The latter is in contradiction with the results found in lanthanum and 
in bismuth. 

In order to account for only six lines an attempt has been made to 
assign three sub-levels to the initial. and final states. Although the 
relative intensities and separations are about what one should expect 
in certain cases, the frequency separations definitely show that this can- 
not be the explanation. 

In conclusion we wish to express our appreciation of the many favors 
shown us by various members of the Mt. Wilson Observatory Staff and 
to acknowledge the invaluable assistance rendered us by the facilities 
that they so generously placed at our disposal. 


* The investigations upon which this article is based were supported by grants from 
the Heckscher Foundation for the Advancement of Research, established by August 
Heckscher at Cornell University. 
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A METHOD OF PRODUCING LONG SINGLE-CRYSTALS OF 
METAL AND A STUDY OF THE FACTORS INFLUENCING 
CRYSTAL-ORIENTATION AND PERFECTION 


By ALEXANDER GOETZ AND MaurIcsé F. HASLER 
NorMAN BRIDGE LABORATORY OF Puysics, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated June 17, 1929 


The apparatus described in the following was to serve the purpose of 
studying the influence on the orientation of the gradient of temperature 
along a single crystal during its growth, and the effect of strong magnetic 
fields applied at the exact point of transition of the two phases of the 
metal. It was found that the particular method of growing crystals of 
great length, developed for this investigation, was superior to any others 
known to the authors. It became evident that the influence of a magnetic 
field applied to a zone of crystallization is of such complexity that it seemed 
to be better to describe these effects in a separate paper, especially since 
the method has practically nothing to do with the special purpose, and 
therefore, may be of moe general interest. 
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There are three principal methods known which have been used for the 
production of large single-crystals, and they vary considerably in the 
results obtained. 

(1) ‘The progressive crystallization of molten metal in a glass or quartz 
tube, the lower end of which ends in a sharp point from which the first 
grain starts, the heat of crystallization being drawn off mainly through 
that end.’?% The very largest crystals (Cu) of several kilograms weight 
have been obtained by that method. 

(2) The pulling of a single-crystalline thread out of the molten metal.** 

(3) The recrystallization of a metal in a fluidal state’ or at a trans- 
formation of an allotropic modification (Fe). The speed of crystallization 
regulated by the motion of the specimen is kept below the natural speed 
by a constant progression of a fixed gradient of temperature along the wire. 

The first two methods require the molten state of the metal, the last 
avoids this condition, which is a very delicate one for many metals, because 
of the fast evaporation of many substances in the molten state, and be- 
cause some metals have one or more allotropic transformations between 
the melting point and room temperature. In passing through these trans- 
formations the monocrystalline structure is very easily destroyed. 

The methods (1) and (3) have in common that the orientation of the 
crystal’ depends more or less on accidental conditions, although the direc- 
tion of the heat gradient across the rod seems to determine the situation 
of the plane with the best thermal conductivity. The method (2) permits 
one to obtain any desired orientation by means of a seed-crystal. 

The first method involves large difficulties as soon as long crystals 
(1/2 meter and more) of sufficient homogeneity are desired, as is necessary 
for thermal and electrical measurements where the constancy of the cross- 
section over greater lengths is needed. The difficulties arise because 
of the impossibility of filling thin glass capillaries of several meters length 
without occlusion of gas and oxide. Further it produces large difficulties 
to cool these long rods under exactly constant thermal conditions. Similar 
difficulties are involved in the second method, mainly concerning the 
constancy of the cross-section of the crystal. 

The method of recrystallization gives the possibility of obtaining long 
thin crystals, but one is never sure that the rod really consists of one in- 
dividual crystal throughout its whole length. 

It is well known that the progression of the constant gradient of tem- 
perature over the crystal has to be kept constant to get a constant speed 
of crystallization. There cannot be any doubt that under ideal conditions 
the orientation of the crystal depends on that and on the direction of the 
gradient of temperature in the zone of growth, but just this last condition 


t The term orientation shall define the angle between the main axis of the crystal 
and the axis of the rod. 
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is very hard to fulfil in the method (1) and (2) as soon as one has long 
crystals, because the orientation of the gradient changes with the growth 
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FIGURE 1 


of the crystal. One part of the heat of crystallization goes along the 
crystal either to the cooled edge (method 1) or to the cooled clamp of the 
drawing mechanism (method 2); the other part leaves the crystal normal 
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to the axis of the rod into the surrounding air. But the longer the crystal 
grows the larger grows its thermal resistance, i.e., the smaller becomes 
the amount of heat carried parallel to the rod, and the larger the trans- 
versal part. This means a change in the orientation of the gradient in 
the crystal. Thus may be explained the phenomenon of a continuous 
change of orientation along the crystal, where, for instance, the cleavage- 
plane has an increasing or decreasing angle with the axis of the rod over 
its length without any detectable discontinuity as was observed on zinc- 
crystals by Linder.*® Experiments showed that this effect can be avoided 
by making one of these two paths of the heat in the crystal as small as 
possible. 

The only way of satisfying all these conditions was to use the first 
method, which produced a single crystal of 15 to 20 centimeters length, 
and 5 to 15 mm. diameter. Then the glass tube was heated again above 
the melting point of the metal, enough at the same time to soften the glass, 
and then was drawn by means of a mechanical device out to the desired 
length and diameter, keeping the cooling conditions during this process as 
constant as possible. The latter portion of this process was first described 
by Taylor,'° who thus produced very thin metal fibers without considering 
their crystalline structure. In fact, it was observed that there is no 
difficulty in obtaining very uniform wires of diameters below 0.05 mm., 
but these wires are of little use as soon as one is interested in the determina- 
tion of the nature of the crystalline structure. To obtain wires with 
larger diameters up to 1-2 mm., this simple method was found not to 
work satisfactorily; mainly, because of the lack of uniformity of the cross- 
section and of the occlusion of gas bubbles which sometimes interrupted 
the metal core, so that a new crystal started. 

The process which was finally used to produce crystals of any desired 
length with a constancy of diameter of less than 2% was the following: 
for producing crystals from Bi with a melting point of 271°, a soda-glass 
had to be used because of its appropriate softening temperature of 320°. 
The glass tube had to be rather thick-walled, about 5 mm. inside diameter, 
and of a good cylindrical shape. It was found that the gas bubbles, which 
appear so easily at the metal-glass surface when the metal crystallizes 
in the tube, are mainly caused by contaminations on the walls of the tube. 
Thus, they had to be cleaned inside with hot chromic acid, distilled water 
and alcohol to destroy these layers. The glass tube was then heated in 
an electric tube-furnace above the melting point of the Bi while being 
evacuated for several hours. The metal was molten in a pyrex vessel A 
(Fig. 1). This crucible had a side-arm B through which a flow of highly 
purified hydrogen was sent. The purification was done with palladium- 
asbestos and liquid air. ‘Thus the hydrogen reduced the surface of the 
metal, the gas was finally burned in the chimney C. The metal in A had to 
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be heated by means of a furnace F up to 500° to get a reasonable speed 
of reduction. In the case of Bi, one hour was in general sufficient to 
reduce the oxide and to obtain a mirror-like surface. The glass tube X 
was, as mentioned above, heated by the furnace & and evacuated. This 
furnace was supported by the stand Q by means of the gliding sleeves 
G, and Ge. As soon as the metal was reduced, X was lowered into C, 
its tip being broken off and its end immersed into the metal. Then the 
metal was sucked slowly into X through the hose K and the capillary J 
up to the point S. It is important that the speed of sucking the metal 
be very small in order to avoid irregularities at the glass-metal surface. 
After this, the tube was lifted, A replaced by the carrier D, having an 
asbestos-filled hole in which the end of the capillary rested thus preventing 
the liquid metal from running out. The lifting of the glass tube out of A 
brought the level S just up to the upper rim of the furnace, so that all 
the metal was kept molten at a uniform temperature. 

The furnace E was connected by means of a cable with the balancing 
weight L and a worm-gear arrangement driven by an electric motor which 
lifted E upward with a speed of 5 mm. per min. ‘The carrier D was cooled 
by a gentle air blast, so that the crystallization started at the capillary 
portion and proceeded uniformly over the whole glass tube. ‘This method 
does not differ in principle from method 1; but it is necessary for the 
successful application of the next process to use the described additional 
precautions in order to obtain a perfect contact of metal glass as indi- 
cated by the mirror-like appearance of the surface and the absence of gas 
bubbles. 

The next process consisted mainly in melting the metal in the tube 
again and drawing out tube and metal together, thus starting a new 
crystallization. The arrangement fulfilling the required conditions was 
as follows: 

Figure 2 shows a side view and a top view of the apparatus. D is a 
claw holding one end of the glass tube filled with the crystal X; the other 
end of which goes through the electric furnace C and is fastened to the 
car A. This car rolls on four wheels on the tracks B. ‘The whole appara- 
tus is driven by the motor F (compound wound) and transmits its motion 
by means of two worm gears to the shaft L. At the lower end, the shaft 
has a pinion which moves the rack N and herewith the claw D which 
glides on the tracks E. The motion of the claw can be regulated from 
0.2 to 10 mm. per min. 

The car is moved by the same mechanism but at a different speed by 
means of the inextensible chain K. running over the three trolleys M,, 
M: and M;. The chain is wound around the drum G. Thus the ratio 
between the motion of the claw D which brings the crystal into the furnace 
and the motion of the car A which draws the crystal Y out of the furnace 
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is constant even if the speed of the motor varies. It was found that out 
of all possible ratios 1:3 gave the most satisfactory results which means 
that the final crystal Y was three times as long as the original X. By 
keeping the speed of the motor constant and also regulating the tempera- 
ture of the furnace it was possible to obtain very long uniform crystals. 
The length of Y is only limited by the length of the tracks which was, 
in this case, about 1'/. meters. On account of the fact that the ratio is 
fixed, one has to recrystallize these obtained crystals again if smaller 
diameters are desired. ‘The repeated process seems to improve the crystals 
still more. 

In order to obtain diameters between 1 and 2 mm., only one drawing 
process was used, in general. 

There is naturally a close relation between the temperature of the furnace 
and the speed of the motor which has thus to be regulated very carefully 
to obtain good results. The furnace has to be hot enough so that the 
glass has a certain plasticity which permits the drawing out of the tube 
without cracking it. If the furnace is too hot, the plasticity is too great 
and very irregular cross-sections result. On account of the fact that the 
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plasticity of glass increases rapidly above a certain temperature, the work- 
ing limits are very small. The thermal conductivity of the metal in the 
glass tube is another factor which affects the choice of the temperature 
very much. ‘To prevent the metal X from melting in the tube too soon, 
it had to be cooled before entering the furnace by compressed air through 
a double nozzle. The temperature chosen was such that a pull of approxi- 
mately one kilogram /mm.* by the car was necessary to pull out the crystal. 

To determine the orientation of these crystals, the glass tube was etched 
off with hydrofluoric acid, and then the crystal was cleaved. The investi- 
gation under the microscope showed whether it broke on the main-cleavage- 
plane (111) or one of the three imperfect planes (111). In agreement 
with Bridgman,'! and Kapitza,'? it was observed that the probable orienta- 
tion was between 90° and 30°, the orientation of 0° never occurring at all. 

The described arrangement gives the opportunity of locating rather 
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exactly the zone of crystallization, i.e., the section in the drawn tube 
where the metal solidifies. If all conditions are kept constant (speed, 
ratio and temperature), this solidification takes place at a certain and 
constant distance behind the furnace; hence, it is possible to study the 
effect of certain influences on the act of crystallization. One of these 
applications was a strong magnetic field which produced on the crystal 
effects too complex to be described in this paper. Another was the tem- 
perature gradient over this zone and its effect on the orientation. ‘To 
investigate this, it was only necessary to put at the outlet of the furnace 
C guard-tubes W of different shapes (Wi, W2, W3) as shown in figure 3. 
The jet in the block V blew compressed air at a pressure of 20 cm. of 
water against the face of the guard-tube W thus determining the angle 
of the gradient with the axis of the rod. The length of the guard-tube 
was such that the zone of crystallization was a few mm. in front of the 
face, so that the metal was still molten when it came in the region of the 
blast. 

Two main questions seemed to be of interest: (1) Is the orientation of 
the crystal entirely determined by the direction of the gradient, no matter 
in which orientation the crystal started originally (the first part of the 
thick crystal fixed in the claw of the car not having been liquefied in general 
and thus having the effect of a seed-crystal)? (2) Is it possible to obtain 
a certain orientation with a certain gradient if the crystal has no starting 
orientation inforced by a seed-crystal? 

The experiments gave no strict answer to these 
questions; nevertheless, it was evident that a variation x| 
of the gradient caused a variation in the orientation 
in general, so that the plane (111) grows more or less 
parallel to the direction of the gradient down to an 
orientation of 30°. In case the crystal was started by OR O 
a seed-crystal, the orientation of which was different —>| |«— C2 
from the gradient, a change of the orientation in the 
crystal started at the point where the air-blast was ae 
applied. The smaller the orientation the.more irregu- Z 
lar became the changes, i.e., the weaker the influence 
of a change in the orientation of the gradient. Below 
30°, it was impossible to observe any influence. This FIGURE 4 
shows that the orientation of the gradient 1s not the only 
factor determining the orientation of the crystal. 

The other influence can only be considered as resident in the strain, 
applied to the crystal during the act of crystallization by the glass walls 
and due to the expansion of the metal (3.3% of its volume from data 
given by Endo") at the melting point. Hence, the volume of crystallizing 
region reaches a maximum and then decreases due to the thermal con- 
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traction during the cooling process. From the observations by the authors, 
it is probable that the orientation of the crystal becomes rigidly determined 
at the instant when a decided contraction appears, preceded by the above 
expansion indicating that the properties of the crystal (orientation, per- 
fection, etc.) are determined by the forces acting at the time of this con- 
traction to a large extent. This may be observed in certain cases by 
watching an upright glass tube, filled with molten Bi, as the crystal grows 
upward from a cooled tip. ‘The crystallization is seen to take place in 
blocks which contract visibly from the glass at the instant of formation. 
If one considers that the stresses, induced by previous expansion, are 
present at the moment of contraction, then the difficulty of obtaining 
crystals with small orientations may be explained as follows. As it is 
known that the coefficient of thermal expansion is largest parallel to the 
trigonal axis and smallest normal to it (|| 0,162; 1 0,120 between 20° 
and 240°C.'*) it could be expected that the crystal prefers an orientation 
in the glass tube where the maximum contraction would be parallel to 
the direction of maximum compression. Thus large angle-orientations 
are preferred. 

This argument explains also the changes in orientation of crystals 
grown with the Czochralski-method (method 2). he only difference is 
that there is instead of a transversal pressure in the glass tube a stress 
along the crystal which affects it almost the same and is caused by the 
weight of the column of the liquid metal suspended at the point where the 
crystal is formed. One of the authors (G.) studied the possibilities of 
growing Bi-crystals in various orientations by this method without getting 
satisfactory results for small orientations, Kapitza’ did not succeed either. 
The same particular question was studied carefully recently by Hoyem 
and Tyndall’® on zinc-crystals, without their finding an explanation of 
their results. They can be compared with the results on Bi because Zn 
has also a strong anisotropic thermal expansion (|| 0,639; L 0,141 be- 
tween 20° and 100°).'© Hoyem and Tyndall studied mainly the limits 
of possible growth, in a certain orientation given by a seed-crystal, as a 
function of the temperature of the liquid metal. It could be shown that 
the region of temperature was very small for orientations between 0° and 
50° and very large between 50° and 90°. To find an explanation of these 
facts, one has to consider the effects produced by a change in temperature 
in method 2. It is evident that two factors are changed here simulta- 
neously by a change of temperature, first, the size and orientation of the 
gradient, second, the stress applied to the zone of formation. If X in 
figure 4 is the crystal pulled out of the liquid metal L, M the perforated 
mica-plate floating on L, R the ring-nozzle cooling the crystalline thread 
by an air blast, the gradient of temperature between X and L depends 
on the difference of temperature between these two points, the arrange- 
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ment of R and the speed of pulling the thread. As soon as only the tem- 
perature of L is changed the position of the zone of crystallization changes 
also (for instance, it may be for a low temperature at C,, for a higher 
one at C2); hence, also, the weight which hangs on X and therewith the 
stress applied to the zone of formation. The observation that for small 
orientations only low temperatures can be used (which means that the 
axis of maximum contraction can be forced to grow in the direction of 
the tension only if it is very small) is therefore in perfect agreement with 
the observations by the authors. 

The influence of the orientation and the size of the gradient is independent 
of the stress but can only be effective without stress. This may explain 
why there exists also a lower limit for the temperature below which a 
crystal of a certain orientation cannot grow. Here the stress is so small, 
that its influence on the crystal is almost negligible. The change in tem- 
perature means then nothing else than a change of the gradient of tem- 
perature in the zone of crystallization, which depends entirely upon the 
apparatus and is hard to define exactly in the Czochralski arrangement. 

In conclusion, the authors would like to state that the experiences made 
in the study of growth of metal single-crystals reveal the fact that the 
strain applied to the crystal ‘‘in statu nascendi” has an important bearing 
upon its final orientation, which leads to serious doubt concerning the 
actual perfectibility of crystals grown under such circumstances. Ex- 
perience shows that the chosen orientation is that in which the work done 
by the applied forces is a minimum, but we know that this minimum in 
all the described methods is far from zero. Hence any method of crystal 
growth which does not eliminate these strains appears to have a serious 
fault in adding a fundamental distortive force to the building forces of the 
growing crystal, which should be reflected to some degree in the investi- 
gations carried out with them. This may partially account for deviations 
from the Voigt-Thomson law that have been observed by various in- 
vestigators (f.i., for the Peltier effect on Bi by Bridgman) especially in 
case of two of the most delicate crystals, Bi and Sn.? The fact that other 
functions like the conductivity of these crystals follow the cos*-law does 
not necessarily contradict, because the mechanism of electric conductivity 
and thermoelectricity is so much different that the same basal imperfecti- 
bility may affect these processes to a different degree. 

This investigation is being continued and more quantitative results will 
be published soon. 
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HIGHER SPARK SPECTRA OF NEON AND ARGON IN THE 
EXTREME ULTRA-VIOLET 


By J. C. Boyce ann K. T. Compron 
PALMER PHYSICAL LABORATORY, PRINCETON UNIVERSITY 
Communicated June 29, 1929 


The first spark spectra of neon’ and of argon? were reported last year. 
Using conditions of controlled electron excitation it was possible to bring 
out arc and first spark spectra of these and other gases. With such a 
discharge it was impossible to get spectra of higher stages of ionization 
beyond the first spark spectrum even though the voltage was raised to 
more than double the theoretical voltage for doubly ionizing the atoms. 
This year an electrodeless ring discharge has been used very successfully 
in bringing out the extreme ultra-violet spectra of higher stages of ioniza- 
tion of these gases. The discharge tube was a tube of glass or quartz 2 
inches in diameter, wound with 12 turns of heavy copper wire. This 
was attached to the slit of the vacuum spectrograph by a side tube between 
the middle pair of turns, so that the light observed came from the region 
of most intense ionization. Power was usually supplied by a 3.5 kw. 
mercury gap oscillator, though a smaller 0.25 kw. outfit was used at 
times, both at about 300,000 cycles. Gas was circulated through the 
apparatus and purified by a misch metal discharge tube as in the previous 
investigations.* The arrangement of the spectrograph was the same as 
previously, but the focus was somewhat improved by the use of Schu- 
mann plates on thinner glass, permitting greater bending to the focal 
circle. 

When a gas such as neon was excited the strongest lines were those due 
to Ne III, with Ne II and Ne IV less intense and Ne I practically missing, 
indicating complete single ionization and much multiple ionization, the 
higher stages of it by cumulative action. In all photographs lines of oxygen 
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appear as impurities, no doubt knocked out from the walls of the tube 
rather than appearing as an ordinary impurity, since nitrogen was not 
observed. Once recognized these oxygen lines provide convenient stand- 
ards of wave-length. The gas under investigation seemed to be driven 
into the walls of the discharge tube, coming out as an impurity in later 
gases investigated. Use of a quartz discharge tube which could be baked 
out to a high temperature reduced this difficulty somewhat. Selective 
excitation was possible, lower pressures and higher power favoring higher 
stages of ionization. 

The strongest lines of spark spectra are those due to excitation of an 
s electron into one of the unfilled p levels. As such lines are not series 
members they give no information about the ionization potential, but 
where the low level is multiple they are very useful in determining its 
fine structure. Their position and separations may be predicted quite 
accurately by linear extrapolation of wave number from corresponding 
lines in an isoelectronic sequence. Such lines for Ne III, Ne IV, A III, 
and A IV are given in the following table.* 


NE Ill A m5 
s*pt 8P, — s pe Po, 491.04 (3) 887.41 (4) 
3Po spe, 490.30 (2) 883.15 (8) 
sP, 3po, posed (4) 879.56 (2) 
3P, spo, 489.49 878.54 (8) 
+P, 3P%, 488.87 (2) 875.54 (3) 
3P, 3P0, 488.13 (3) 871.15 (38) 
s*pt 1D, — s p 1P%, 379.27 (5) 
s*pt 1S) — s pi 1P% 427.88 (2) 
NE IV AlIv 
s*p? 4S%7, — s p* *Pa1/, 543.76 (4-) 853.53 (5) 
4S%Q5/4 §Pii/. 542.02 (3) 846.79 (4) 
4$%Q1/4 *Pi7, 541.00 (2) 843.12 (4) 
$*p* 2P%Q1), — s p* 2Dai/, 521.70 (38) 
s*p 2P%1), — s p *Pry, 388.35 (2) 
*Pty), *P1/, 387.15 (1) 
s*p3 2D %), — s p* *Dar/, 469.71 (4) 
s*p* *D%Q/, — s pt *Pir/, Masked by Ne II 


The lowest ionization limit (of Ne III, corresponding to the s*p* 4S°\14 
state of Ne IV) calculated by two series of triplets of three members each 
is found to be 511,700 or 63.2 volts, with higher limits, s2p* 2D%4,134 at 
545,350 and s*p? °P%Q1.,4. at 566,517. Metastable singlet states s*p* 1D, 
and s*p4 1S) are at about 22,300 and 52,250, respectively, above the low 
triplet state. Less compete analysis of A III gives a tentative lowest 
ionization limit of 329,500 or 40.7 volts. 
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To connect these results with the known visible and near ultra-violet 
lines of the higher spark spectra of neon and argon, it will be necessary 
to locate some intermediate terms, lines from which will lie in the region 
from » 2200 to A 1300. This region is inaccessible with the present 
spectrograph, and further study of these spectra is postponed pending 
the completion of a new vacuum spectrograph of greatly increased range 
and dispersion, which is made possible by a grant from the Carnegie 
Corporation through the Carnegie Institution of Washington. 

We are glad to acknowledge the able assistance of our colleague, Mr. 
J. L. Nickerson, in making measurements and calculations. 
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5 See also Dorgelo and Abbink, Zeits. Phys., 41, 753, 1927; Dieke and Hopfield, 
Phys. Rev., 27, 638, 1926. 


RELATIVE PROBABILITIES OF THE IONIZATION OF K AND L 
ELECTRONS OF EQUAL IONIZATION ENERGY 


By GERALD I. PEARSON 
DEPARTMENT OF Puysics, STANFORD UNIVERSITY 
Communicated June 25, 1929 


1. Introduction Theories have been proposed by Davis,' Rosseland,? 
and Thomas* to explain the ejection of atomic electrons by cathode-ray 
impact. In these theories it has been assumed that the probability of 
ionization depends on the energy of the cathode ray (which depends 
only on the applied voltage, V), the ionization energy of the electron 
(which is defined by Vo, the excitation voltage), and in Thomas’ theory, 
on the kinetic energy of the electron, which he has treated as in a circular 
orbit. Thomas has suggested that the probability of ionization may be 
different for elliptical orbits. In general, regardless of these theories, 
the probability of ionization may be dependent on the quantum numbers 
of the electron. 

In order to study the effect of a quantum number by itself, we must 
keep V and V» constant (at least to a first approximation) while we com- 
pare two series involving levels which differ in that quantum number 
only. Since Vo is a natural constant for each element and series we can 
keep it nearly constant, for this purpose, only by a proper choice of series 
to compare. Table 1, which shows the quantum numbers (on the basis 
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of wave-mechanics) of the K and L levels, wiil help us in discussing this 
choice. 

The values of Vo for the three L subseries of any element are so nearly 
alike that they may be taken as identical for present purposes. As we 
go from Ll» to L2» the azimuthal and radial numbers remain fixed while 
the inner number changes from 1 to 2. A comparison of the intensities 
of these series would then show the effect of the inner quantum 


number. 


TABLE 1 
LEVEL AZIMUTHAL RADIAL INNER Ne 
K 0 0 1 49 
Lu 0 1 1 8 
Ln 1 0 1 40 
Lo. * 1 0 2 100 


This effect has already been studied,**® and it has been found that the 
intensities are nearly in accord with Lande’s sum rules. It is more difficult, 
however, to study the effects of the other quantum numbers. As we go 
from L;, to Ly, both the azimuthal and radial numbers change; and as 
we go from 1; to Lz all three of the numbers change. A comparison 
of the K and the Ly, series would involve a change in the radial number 
only, and a comparison of the K and 2 would involve the azimuthal 
number only; but the values of Vo for a single element would differ too 
much to admit such comparisons. 

In the experiments to be described, this difficulty was overcome by 
working with a target containing two elements so chosen that the values 
of V, for the K series of one and the L series of the other were as nearly 
alike as possible. It is essential, of course, that the mixture of these 
elements be homogeneous not only on a large scale but also on a scale 
which is small in comparison with the path length of the cathode ray in 
it, and that the relative proportions of the elements be known. Ob- 
viously only a compound or a solid solution satisfies these requirements. 
After a careful consideration of all such available combinations it was 
found that lead selenide (PbSe) suited the purpose best. The Vo for 
selenium K is 12.6 KV and the V o's for the lead L series are Lj, 15.8, 
Ly 15.2 and Le» 13 KV. The pure lead selenide powder was placed on 
the target of a special Coolidge x-ray tube and the intensities of the x-ray 
lines of the two elements were measured. ‘The relative probabilities of 
ionization were then calculated for the case of a change in either radial 
or azimuthal quantum number alone. 

Strictly speaking, the quantities found here are not the ratios of ioni- 
zation probabilities, but ratios of the products of these probabilities by 
corresponding efficiencies: of emission as defined by Auger.’ He has 
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found that when atoms are ionized some of the reorganizations result in 
secondary photoelectrons rather than in quanta of radiation of an appro- 
priate wave-length. The process as explained by him is this: The elec- 
tron lost from an inner shell is replaced by one from an outer shell; in a 
certain fraction, y, of such replacements, a quantum of radiation of the 
subseries appropriate to the inner shell is emitted, while in other replace- 
ments, the energy released is used for the ejection of secondary photo- 
electrons from the same atom. This fraction ¢ is called the efficiency of 
emission. ‘The efficiencies of emission of the K series of several elements 
have been studied by Martin,® who has found a value of 60 per cent for 
selenium. Unfortunately, xenon and krypton are the only elements 
whose L series efficiencies have been studied and these only for the L 
series as a whole rather than by taking each subseries separately. An 
empirical equation found by Martin for the K series would give a value 
near 60 per cent if applied to the L series of lead as a whole, but this is 
probably unreliable. An exact evaluation of each L subseries efficiency 
would require experiments of a different type from the present ones, and 
therefore we must here avoid any definite assumptions as to the values 
of these efficiencies and draw definite conclusions only on the products 
of these efficiencies by probabilities of ionization. 

There are two important sources of error in this research, which were 
realized before the work was commenced. ‘The first of these is the change 
of the relative intensities of the lead and selenium lines due to the pro- 
duction of indirect rays as defined by Beatty.? This process depends on 
the ejection of inner electrons by the absorption of continuous-spectrum 

















FIGURE 1 


x-rays from adjoining atoms rather than by cathode-ray impact. Theo- 
retical calculations, based on the change of the amount of indirect radia- 
tion with atomic number, have shown in a rough way that the effect of 
indirect rays is not serious, but it will be considered in somewhat more 
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detail later. ‘The second error results from the assumption that C and 
m are constants in the empirical equation!®®*® 


I=C(V — Vy)”. (1) 


Which expresses the intensity of a line as a function of the applied voltage 
V and the ionization voltage Vo. It is reasonable to expect these two 
sources of error to result in a combined error of something like 10 per cent. 
This is greater than the usual uncertainty of the photographic method, 
and therefore this method was adopted. 

2. Determination of Line Intensities—The lead selenide was made by 
Henry M. Leicester of the Department of Chemistry, Stanford University, 
who took special precautions to insure purity. Photographs of the spectra 
were taken by means of a spectrograph with rotating crystal. The densi- 
ties of the x-ray lines were measured with a comparator-microphotometer 
designed by G. R. Harrison.'! This instrument had a slit width of about 
104 and readings were taken every 50 across the line to be measured. 
Since for x-rays the intensity is proportional to the density, for small 
densities, the relative intensities at any two points in the spectrum could 
be found directly from the logarithms of microphotometer readings. 
This method of intensity measurement was checked by the known Ka 
doublet ratios of selenium and was found to be correct for all densities 
used here. In comparing Se K and Pb L lines, however, since the L 
lines were found to be somewhat wider than the K, the readings were 
plotted on semi-log paper and the intensities were tak en proportional to 
the areas of the peaks above the general radiation rather than the 
heights. 

After preliminary trials, ten photographs were taken, three at 55 kv., 
four at 40 kv. and three at 25 kv. A typical one of these photographs 
taken at 55 kv. is shown in figure 1. 

The change in sensitivity with wave-length was determined through a 
comparison of the measured lead intensities with corresponding values 
found from a study of the literature. No work has been reported on 
lead but these relative intensities were interpolated from values assigned 
to tungsten, platinum, thorium and uranium by Jénsson,®> Duane,‘ and 
Allison.6 Specifically, a factor was found for each voltage used, by which 
the area ratio, (8: + {:2)/a:, should be multiplied, to give the intensity 
ratio of these lines at that voltage. The corresponding factor for the ratio 
of any other line to Pb La; was assumed to depend linearly on wave 
length, and for Se Ka, this gave 0.95 at all voltages. The true intensity 
ratio of Se Ka, to Pb La, was found to be 0.44 at 55 kv., 0.45 at 40 kv. 


and 0.44 at 25 kv. 
3. Calculation of Ny Ratios.—Having obtained the relative intensities 
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of the K and L lines, the remaining problem is to determine from these 
data the relative probabilities of ionization of the K, Lu, La, and Lz 
states. 

The general equation governing the intensity of a line produced by the 
rearrangements of atoms from the r state of ionization to the 7 state is 
given by 


N,E,j;he 


Ly ” 
Ni 


where N, represents the number of atoms put in the ionized state r per 
unit time and £,; is the probability that such an atom will rearrange 
itself into the 7 state of ionization with a radiation of the appropriate 
wave-length 4,;. Adding the intensities for all the lines of the subseries, 
it appears that 


x ] 
N, i Ej = = 25 Ty hy (3) 
j aC Jj 


With E,; defined as above, >) E,; is the efficiency, y,. Equation (3) then 
z 


becomes 


1 
N,¢@ =— | ep ee 4 
oe > i Mi, (4) 


and the ratio of the numbers of atoms forced into two states of ionization 
r and 7 is then given by 


: ty 
N, Yr Pa > . Mi (5) 


Ni gi 3 Tg dis 
j 


Taking the intensity of Pb La; as a standard for all Pb lines, and calling 
it 100 lead units, the numerical values of +? I,; ; for the L subseries 


j 
of lead at high voltage, using the intensity data of Duane,‘ Jénsson,° 
and Allison,® were found to be: Ly, 13.3; Le, 62.2; and Lx, 163.7. In 
like manner, taking the intensity of Se Ka; as a standard for all Se lines, 
and calling it 100 selenium units, the numerical value for the K series 
of selenium, based upon the intensities as given by Meyer,! is 187.6. 
By equation (5), therefore 


(N¢)sex _ 187.6 IseKa 


= X (true ratio ——). 6 
(N¢) Pore 168.7 ( ay 6) 





Taking the values of the true ratio of these a; lines at 25, 40 and 55 kv. 
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from the measurements described above, the ratios of these (N¢)’s at 
these voltages are 0.50, 0.515 and 0.505, respectively. 

Allison* and Jénsson® have used the empirical equation (1) to express 
the relationship between intensity and voltage, and by equation (3) it is 
seen that N, must vary in the same manner as J,;. Making use of this 
equation, as Allison has for the different L subseries, the above ratios 
give for the corresponding ratios at infinite voltage, the three values, 
0.48, 0.50 and 0.50, with a mean of 0.49. For this case, therefore, where 
the values of Vo differ by only 0.4 kv., the correction to infinite voltage 
makes no change beyond probable errors. 

For the other L subseries, the following relations are found: 





(Ne)pim _ 622 oo. (Ne)rom _ 133 


= = 0.08. 
(N¢) Peta 163.7 (N¢)porn + - 163.7 


In these cases, however, the excitation voltages differ by much greater 
amounts, and a question arises as to how reliable the correction formula 
is. Rosseland’s formula, mentioned by Allison,’ would increase each of 
these by several per cent, but the known deviations from this equation 
make him discard it. On the other hand, there are also known deviations 
in the opposite direction, from equation (1) at high voltages. So a fair 
compromise seems to be to raise these ratios by 5 per cent and express 
them to the nearest unit only. 

If we let (N¢)psz, = 100 units the values of the other (N¢g)’s may 
be obtained from these ratios. They are listed in column 5 of table 1. 
This shows very clearly the effect of the change of any one of the three 
quantum numbers, the other two remaining constant. Comparing the 
I and the L»; states, where the radial and the azimuthal quantum num- 
bers remain fixed, while the inner changes from 2 to 1, it is seen that Noy 
changes in approximately, but not exactly, the same ratio as the inner 
quantum numbers. In the case of the Ly; and the K states, the inner 
and the radial remain fixed while the azimuthal changes from 1 to 0. 
Here, however, the probability of ionization changes but little, showing 
that the change in azimuthal quantum number has little effect. ‘This 
conclusion is confirmed still more accurately by comparing Lz and K, 
with due allowance for the difference in inner quantum numbers, but the 
assumptions and the experimental errors discussed above must prevent 
us from accepting this apparent accuracy at its full value. Comparing 
the L,, state with K, the inner and azimuthal numbers remain fixed while 
the radial changes from 1 to 0. In this case Ny changes very noticeably, 
showing that the decrease in the radial quantum number causes a very 
marked increase in either the probability of ionization or the efficiency 
of emission, or both. : 
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Strictly speaking, these values of Ng should be corrected for the effect 
of indirect ionization mentioned above. Unfortunately, exact calculations 
of this effect seem to be impossible with present data, but rough estimates 
show that the ratios of selenum K and lead Lz; to Lx would probably 
change by only a few per cent. Data on absorption discontinuities indi- 
cate that the part of N,,, due to indirect ionization is almost as great 
(in absolute value, not relatively) as that of Nz,,. Therefore, if the g’s 
are somewhat alike, the ratio of (N¢)z,,/(N¢)z., for direct ionization 
only, would be even less than the value listed here. It then appears that 
the effect of the change in radial quantum number, on ionization caused 
directly by cathode ray impact, is at least as great as indicated here, 
although until further research is done on these efficiencies it is uncertain 
whether this effect is due to change in N or ¢ or both. 

4. Summary.—Data have been obtained on ratios of the values, for 
various subseries, of the product of two factors, the probability N that a 
cathode ray will produce an ionization of the appropriate type, and the 
probability y that the subsequent reorganization will result in radiation 
of some line of the subseries. Between two subseries such as Ly, and 
Lx, differing only in the inner quantum number, this product has been 
known to be practically proportional to the inner quantum number. It 
is found here that a difference in azimuthal quantum number only, be- 
tween the K and Ll», has no appreciable effect; but a difference in radial 
quantum number, between K and Ly, has a great effect. 

In conclusion I wish to thank Dr. D. L. Webster, at whose suggestion 
and under whose direction this work was completed, for his very generous 
help and advice. 
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THE INVALIDITY OF A COMMONLY USED METHOD FOR 
COMPUTING A CERTAIN PROBABLE ERROR 


By J. B. SCARBOROUGH 
UNITED STATES NAVAL ACADEMY, ANNAPOLIS, MARYLAND 


Communicated June 6, 1929 


The purpose of this communication is to point out the invalidity of a 
commonly used method of computing the probable error ina certain type 
of problem. The problem under consideration is of the following type: 

Suppose several separate researches are made for the determination of 
some physical magnitude—the atomic weight of an element, for example— 
and that the results are 

M 1=nh 
M: 2 = Yo 


where the M’s denote the most probable values of the magnitudes in 
question and the r’s denote the corresponding probable errors. 
From the relation between probable errors and weights, namely, 


Wf = Wer = ..... = w,r, = ¢, say, 


one can readily compute the weights of the several determinations and 
thence their weighted mean. For the computation of the probable error 
(P. E.) of this weighted mean the following three methods have been used 
by writers on the precision of measurements: 

1. By means of the formula 


where r denotes the P. E. of a determination of unit weight (w = 1). 
2. By means of the formula 


7s / dw" 
ro = 0.6745 gf 





where 1 denotes the number of separate determinations and the v’s denote 


the residuals of these determinations. 
3. By treating the several determinations as indirect measurements 
(as they really are) and computing the P. E. by means of the formula 








MATHEMATICS: J. B. SCARBOROUGH Proc. N. A. S. 


ad OMo\* , OM.\* , OMo\? , 
pee V(3ir) jes (gaz) * ae) rm 
> wM 
Sw 
The first and third of these methods are perfectly correct and give 
identical results, but the second is not applicable to this type of problem 
and cannot give the correct value of the probable error because it takes 
no account of the magnitudes of the given probable errors. In order to 


show this let us write the results of the given determinations in the fol- 
lowing equivalent form: 





where M, denotes the weighted mean, or My = 


M, a ke 


where ke, = 1, ke. = f2, etc. Here k denotes a constant multiplier which 
we will call the magnitude factor of the given P. E.’s. 
From the relation 


we get 


Hence the weighted mean is 


c M ’ . e, \? 
Sum he (3 . (“) M, 
M> = = . 


eee ee 





This result, be it noted, is independent of the magnitude factor k and 
therefore independent of the size of the given P. E.'s. 
For the residuals we have 


V1 = Mo ay M,, Ve = M, Mz, ete: : 


and since neither My nor any one of the given M’s contains the magnitude 
factor k, it is plain that the v’s are independent of the szze of the given 
probable errors. 


ob ae tes > w? 
On substituting in the formula ro = 0.6745 ¢/————— the values 
(n — 1)Dw 


of the weights as given above, we get 
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| 2 2 

oe7a5 [ut (2) Pient> . (*) th 

- = se 
Ve~! 1+ (2) are + (“) 


Now since the v’s are independent of the magnitude factor k, it is plain 
that 7, as computed by the above formula, depends not at all on the 
magnitudes of the given probable errors but only on their ratios. This 
ro cannot, therefore, be the true P. E. of the weighted mean M, of the 
several determinations M,, M2, etc. Jt is simply a measure of the agree- 
ment of the M’s among themselves, and nothing more. 


se ecei fae wr? 
The invalidity of the formula 7) = 0.6745 ¢/-—+——— for com- 
(n — 1)>ow 


puting the P. E. of the weighted mean in the type of problem here con- 
sidered is brought out more strikingly if we assume that the given P. E.’s 
are all equal, so that 1 = m = ..... = r, and therefore w, = we = 
Jeaae = w,. Then this formula becomes 


ei Ze _ 06745 ety ; 
ro = 0.6745 5 ag gag y= (5M), 


which does not contain even a trace of the given probable errors. 

Even if we go back to the original direct measurements of which the given 
M’s are the means, as we can easily do by expressing the given r’s in terms of 
dw" 

(n ~ 1)Lw 
(which is perfectly applicable to a set of direct measurements to which 
weights are assigned arbitrarily), we shall find that the P. E. of Mo as 
computed by the above method is still independent of the magnitudes of 


the original residuals but depends only on their ratios. 
Let us next compute the probable error of My by means of the formula 





the original residuals by means of the formula rp = 0.6745 





r . ; 
1 = - For this purpose we put-w; = 1, where 7 = 1, 2,...m. 
V >w 
Then from the relation wri = w,r} = ..... = Wr, = C we get r; = Vc 
c c 
and w, = —z;>’ % = —;,’ etc. Hence 
, We." Re 


aft 


Ae) eC) 


ate ke; 


q(2y te. tat. + (2) 





To = 








Here it will be noted that the P. E. of the mean varies directly with 
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the magnitudes of the given P. E.’s, as common sense would indicate. 


2 
The proper application of the formula 75 = 0.6745 a. is to 
(n — 1)ow 


a set of direct measurements to which weights are arbitrarily assigned. 
It is not applicable to the type of problem considered in this paper, for it 
would give the same result if all the given P. E.’s were ten times as great 
or only a hundredth part as great as they actually are in any given case. 
The inherent character of this formula may be concisely stated in the 
language of biology, as follows: 


y2 
The formula ro = 0.6745 > takes account of the errors arising 
(n — 1) ow 


in its own generation, but takes no account of those inherited from preceding 
generations. 


ON CERTAIN FOURIER SERIES EXPANSIONS OF DOUBLY 
PERIODIC FUNCTIONS OF THE THIRD KIND! 


By MIGuEL A. Basoco 
DEPARTMENT OF MATHEMATICS, CALIFORNIA INSTITUTE OF ‘TECHNOLOGY 


Communicated June 26, 1929 


It is a well-known fact that the Fourier series expansions of the doubly 
periodic functions of the first (i.e., elliptic), second and third kinds (in 
the sense of Hermite) yield, when subjected to appropriate methods, im- 
portant results in the theory of numbers. ‘The purpose of this paper is to 
indicate the derivation of such expansions for certain doubly periodic 
functions of the third kind of a type having a larger number of zeros 
than poles.” 

Hermite* defines a function ¢g(z) to be doubly periodic of the third 
kind if it is meromorphic and satisfies two periodicity relations of the form 


g(z + 2w) = e*t? ee! 
g(z + 2w’) = e* t4 fz) f’ 


(1) 


where a, b, c, d, w, w’ are constants and w’/w is a complex number a + 78, 
8 ~ 0. It may be shown that the properties of g(z) as defined may be 
obtained from those of a suitably defined function F(z) which also is 
meromorphic and satisfies the simpler periodicity relations 
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F(z + x) = F(z), 
F(z + wr) = e728 FG) 6 = VTE? (2) 


where + is a complex number a + 18, 8 ¥ 0 and m is an integer (not zero). 
It can be proved that m is the excess of the number of zeros over the 
number of poles of the function in a period cell. Thus, the functions 
under consideration may be classified into two groups (A) and (B) ac- 
cording as m is positive or negative. As mentioned above, this paper 
deals with functions of type (A) only. 

In a series of papers, Appell* has developed a theory for obtaining the 
Fourier expansions of these functions. He introduces a certain function 
Xm(x, y), Which in his theory plays a réle analogous to that of the zeta 
function in Hermite’s decomposition of an elliptic function into simple 
elements. It is found that his theory is applicable in a practical manner 
to functions for which m is less than zero, while for functions such that 
m is positive, the theory, while complete from a function theoretic point 
of view, does not lead, in general, to arithmetically useful results, since 
it leaves certain constants expressed in the form of definite integrals, the 
actual evaluation of which is quite impracticable. 

Owing to this difficulty in Appell’s theory when applied to functions of 
type (A), it was found necessary to use another method in obtaining the 
expansions of the functions under consideration. ‘This method was first 
indicated by Liouville and has been utilized by C. Biehler® and G. Hum- 
bert® to derive similar expansions. 

The members of the class of functions considered are exhibited as quo- 
tients of products of Jacobi theta functions, there being a larger number 
of theta factors in the numerator than in the denominator. The notation 
adopted is that of Jacobi,’ except that his 3(z) is replaced by #o(z). In 
this notation the argument of the circular functions does not, as in some 
others, contain the factor 7. 

The following is a brief account of the method used. Let 


F(z) = 82(z) 83(z) 0 (2) ¥(c) = (a, B, ¥, 8; iy ke, ks, ks), (8) 


where a, 8, y, 6 may take any of the values 0, 1, 2, 3 and where k,, ke, 
ks, ky are positive or negative integers or zero such that m = k,; + ke + 
ks + ky is positive. Associate with F(z) the function G(z) obtained from 


F(z) by replacing z by z + = and neglecting the exponential multiplier 


which appears when this substitution is made. It follows from the 
properties of the theta functions that both F(z) and G(z) have real periods. 
The application of Fourier’s theorem to these functions now leads to the 
following two cases: 

Case I. All the k;, (¢ = 1, 2, 2, 4) are positive—tIn this case F(z) and 
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G(z) are integral functions and are representable by sine or cosine series, 
depending on their oddness or evenness. ‘The coefficients in these series 
are then determined by means of the solutions of certain linear difference 
equations which arise from a comparison of the coefficients in F(z) and 
G(z) when the relation existing between these two associated functions is 
taken into account. The initial constants which appear in the solutions 
of the difference equations may be determined either by substituting 
special values of the argument into the series expansions, or else, by the 
multiplication of known expansions of less complicated functions whose 
product is either F(z) or G(z), and the comparison of particular coefficients 
in the product with the corresponding coefficients in the expansion of 
F(z) or G(z), as the case may be. For m > 3 this process becomes quite 
laborious and thereby is limited in its usefulness. 

CasE II. Some of the k; are negative; m > 0.—In this case it is possible 
for either F(z) or G(z) to remain finite in a strip of the 2-plane bounded 
by lines parallel to the axis of reals and symmetric therewith; for con- 
creteness let F(z) remain finite. ‘Then G(z) will possess poles at points 
occurring at regular intervals along the real axis. It follows that G(z) 
does not fulfil the hypotheses of Fourier’s theorem and cannot be expanded. 
However, the function G(z) — T(z) has a Fourier series expansion pro- 
vided 7(z) is a trigonometric expression having the same period, parity 
and Laurent expansion in the neighborhood of the pole of smallest affix 
(cither z=0orz= *), as G(z). From here on the process is the same as 
in the preceding case; the constants appearing in the solution of the linear 
difference equations are determined as before. For this purpose, the lists 
of known expansions, such as Biehler’s,» Humbert’s,®° Hermite’s* and 
Bell’s® are of assistance. 

It should be noticed that for certain combinations of theta functions 
in F(z), the process described is not applicable. This may best be seen 
from an example. Thus, let 


83(z) 
Bo(z) H(z) 


93(z) 


re) * Sula) ula)’ 


and G(z) = (4) 


a: + =) = —e~"g~“"F(z), (5) 


Now, in a strip bounded by lines parallel to the axis of reals and passing 


through the points z = + “4 the following hold 
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8,01 F(z) = 83 cscze + D> C, sin (2n + 1)z, 
0 
(6) 


3,8; G(z) = dicots + > B, sin 2nz. | 
1 


However, it is not possible to make use of (5) and (6) simultaneously in 
order to obtain the relations between the B, and the C,, since the argument 


z+ 5 which appears in (5) may lie outside the strip in which (6) is valid. 


This difficulty will always appear whenever the strips in which the ex- 
pansions for F(z) and G(z) are valid coincide, as they do in the above ex- 
ample. However, in this and other similar cases it is still possible to ob- 
tain the expansions sought by making use of the expansions of certain 
other functions which do not offer the above difficulty, in conjunction 
with the well-known relations which exist between the squares of the 
theta functions. Thus, for F(z) above we have 


F505(2) = 87Vh(z) — Ipd1(2), (7) 
so that 


3503 (2) /8q(2)8,(z) = 350 (2) 35(2) /d, (2) = 330, (2)83(2)/8,(2). ( 


~ 
Sr 


Hence, 
IP F(z) = Bo(z) — dyy(z), (9) 
where 


g(z) = PWo(z)0s(2)/Hi(z) and (2) = d30;(z)0s(z)/Fo(z). 


The expansions for g(z) and ¥(z) have been given by Hermite and may 
be found in Biehler’s thesis (loc. cit.). 

Using the methods indicated above, the writer has calculated some two 
hundred expansions which are believed-to be new. In a paper of this 
sort it is clearly impossible to list them in full and hence only the general 
types will be indicated. To do this, the following notation is introduced. 
Let 


F(z) = 88'(2)95'(z)03(2)03(2) = (a, B, vy, 5; ki, Rey ka, ha) 
== (ki, ke, ks, Ra). 


Thus, the set of twenty-four functions of which F(z) = 37(z)8,(z) /8o(z)83(z) 
is one, is represented by the symbol (3, 1, —1, —2). 

The expansions of the. functions represented by the following symbols 
have been calculated: 














: 
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(2,0,0,0) ; (1,1,0,0) ; (1,1,1,0) ) (3,0,0,0) ) (2, 1 50,0) ; (3,—2,0,0) ) (3,-1,-1,0) ; 
(2,1,-1,-1) ) (2,1,1,-3) ) (3,1,-3,0) ; (3, 1,~1,-2) ; (4,-3,0,0) ; (2,2,-3,0) ; 
(2,2,-1,-2) ; (3, 1,-1,-1); (3,1,—2,0) ) (2,2,—2,0). 


The complete details of these expansions may be found in a dissertation 
by the writer which is deposited in the library of the California Institute 
of Technology. 


1 Presented to the American Mathematical Society, Oct. 27, 1928. 

2 In a California Institute dissertation, Mr. J. D. Elder has obtained expansions for 
the case where the functions have more poles than zeros. ' 

3 Hermite, Comptes Rendus, 1861, 1862; Crelle, 100;° Oeuvres, tome II, p. 109; 
tome IV, p. 223. 

4 Appell, Ann. Sci. l’Ecole Normale, Sup., 1, 2, 3, 5, series III, 1884 to 1888; Acta 
Mathematica, 42, 1920. 

5 Biehler, C., Thése de Doctorat de la Faculté des Sciences de Paris; Gauthier-Villars, 
1879. 

6 Humbert, G., J. d. Math. Pures et Appl., Series VI, 3, 1907. 

7 Jacobi, Werke, Bd. I, p. 501. 

8 Hermite, Oeuvres, t. 2, p. 245. 

9 Bell, E. T., Messenger Math., 53, 1924; Quarterly J., 49, 1923. 


AUTOMORPHISM COMMUTATORS 
By G. A. MILLER 


DEPARTMENT OF MATHEMATICS, UNIVERSITY OF ILLINOIS 


Communicated June 21, 1929 


Any automorphism of any group G may be obtained by making each 
operator of G correspond to itself multiplied by some operator of G. ‘These 
multipliers will be called in what follows automorphism commutators of G, 
and unless the contrary is stated it will be assumed that all of them appear 
on the same side of the operators of G and relate to a single automorphism 
of G. They will be called right or left automorphism commutators as 
they appear on the right or on the left of the operators of G to which they 
relate. When G is abelian some of the fundamental properties of these 
automorphism commutators have been noted at various places and a 
necessary and sufficient condition which these commutators must satisfy 
has been formulated.'! In particular, in this case they always constitute 
a subgroup of G and no commutator is the inverse of the operator to which 
it relates except when this operator is the identity. ‘The latter condition 
must also obviously be satisfied when G is non-abelian, but for such a 
group the former condition is not necessarily satisfied as will be seen later. 

All of the operators of G for which the automorphism commutators are 
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the identity constitute a subgroup and the number of the distinct auto- 
morphism commutators is equal to the index of this subgroup under G. 
Suppose that the automorphism commutators constitute a group. This 
group obviously includes the commutators which have for one element 
an automorphism commutator and for the other an arbitrary element of 
G. Hence the automorphism commutators cannot constitute a group 
unless this includes the group generated by the commutators of G which 
have an automorphism commutator for an element. Moreover, it is easy 
to prove that they constitute a group whenever they include this group. 
Hence there results the following theorem: A necessary and sufficient 
condition that the automorphism commutators of a group constitute a group 
is that they include the group generated by all the commutators which have 
for one element an automorphism commutator while the other element is an 
arbitrary operator of G. In particular, the automorphism commutators 
must always constitute a group when they are either in the central of G 
or include the commutator subgroup of G. 

When G is a dihedral group whose order is divisible by 4 and exceeds 
4 its automorphism commutators are composed of an arbitrary subgroup 
of even index contained in the cyclic subgroup of index 2 which appears 
in G and the products obtained by multiplying successively all the operators 
of the former subgroup by an arbitrary operator of the latter. A necessary 
and sufficient condition that these commutators constitute a group is 
therefore that the square of this arbitrary operator appears in the former 
subgroup. When the order of the dihedral group G is not divisible by 4 
the former subgroup is obviously an arbitrary subgroup of the latter and 
may coincide with the latter. In this case a necessary and sufficient 
condition that the automorphism commutators constitute a group is that 
a non-invariant operator of order 2 contained in G corresponds to itself in 
this automorphism. ‘That is, the former subgroup must be identical with 
the automorphism commutators. 

Suppose that the subgroup of G which gives rise to the identity auto- 
morphism commutators is invariant and_hence corresponds to a quotient 
gfoup of G. It results from the preceding paragraph that even when the 
automorphism commutators constitute a group in this case this group is 
not necessarily simply isomorphic with the corresponding. quotient group. 
A necessary and sufficient condition for such a simple isomorphism is that 
the group formed by the automorphism commutators is in the central 
of G since it would otherwise not be possible for the product of two operators 
of this quotient group to have always for its automorphism commutator 
the product of the two corresponding automorphism commutators. Hence 
the following theorem: A necessary and sufficient condition that the auto- 
morphism commutators resulting from an automorphism of G in which the 
operators which correspond to themselves constitute an invariant subgroup 
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of G form a group which is simply isomorphic with the quotient group cor- 
responding to this invariant subgroup zs that all of these commutators are in 
the central of G. 

All the automorphisms of an abelian group obviously come under this 
theorem. Moreover, all the three-fourths automorphisms of the groups 
which admit such automorphisms come thereunder in view of the fact 
that all of the automorphism commutators which relate to three-fourths 
automorphisms are either squares of operators of G or the product of such 
squares and the commutator of order 2 contained in G. These squares 
and this commutator must appear in the central of G whenever G admits 
three-fourths automorphisms. A very elementary example illustrating 
the case when the automorphism commutators form a group which is not 
simply isomorphic with a quotient group of G is furnished by the auto- 
morphisms of order 2 of the symmetric group of degree 3. As a special 
result of the preceding theorems it may be noted that if the automorphism 
commutators constitute a group of order 2 this group must appear in the 
central of G and if a group of order 2 appears in the central and also in 
a subgroup of index 2 of a group it constitutes a possible set of auto- 
morphism commutators of this group. 

A necessary and sufficient condition that an automorphism is of order 2 
is that each of the automorphism commutators which result therefrom 
corresponds to its inverse under this automorphism.? From the proper- 
ties of the automorphism commutators of a dihedral group noted above 
it results directly that the commutators corresponding to an automorphism 
of order 2 of a dihedral group must always constitute a group but these 
commutators do not constitute a group in such an automorphism of the 
tetrahedral group. As a special result it may be noted that the number 
of operators which correspond to their inverses in an automorphism of 
order 2 cannot be less than the index under the group of the subgroup 
formed by all the operators which correspond to themselves under this 
automorphism. Hence it results that in every automorphism of order 2 
of a non-abelian group at least one operator besides the identity must cor- 
respond to itself, and when only one such operator corresponds to itself the 
automorphism commutators cannot involve more than one operator of order 2. 

Suppose that a non-abelian group G admits an automorphism of order 2 
in which only one operator besides the identity corresponds to itself aud 
that this operator is not an automorphism commutator. We shall first 
prove that the order of G cannot be divisible by 4. If this order were 
divisible by 4 at least one of the automorphism commutators would be 
of order 2 since at least one of the Sylow subgroups whose order is a power 
of 2 would correspond to itself under this automorphism of G. It results 
therefore that G contains a subgroup of index 2 composed of all its operators 
of odd order. As all the operators of this subgroup correspond to their 
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inverses in an automorphism of G this subgroup must be abelian. Hence 
the following theorem: The generalized dihedral group whose order is twice 
an odd number 1s the only non-abelian group which satisfies the two conditions 
that 1t admits an automorphism of order 2 in which only one operator besides 
the identity corresponds to itself and that this operator is not an automorphism 
commutator. 

If the non-abelian group G admits an automorphism of order 2 in which 
only one operator s besides the identity corresponds to itself and is a 
automorphism commutator then two cases present themselves according 
as § is invariant under G or does not have this property. The former 
case is represented by an outer isomorphism of the generalized dihedral 
or dicyclic groups in which the Sylow subgroups of the order 2”, m > 1, 
are dihedral or dicyclic whenever m > 2. The latter case is represented 
by the outer isomorphisms of order 2 of the tetrahedral group. It is easy 
to see that in both cases the Sylow subgroup of order 2” is always dihedral 
or dicyclic whenever m > 2, since at least one such Sylow subgroup must 
be invariant under every automorphism of order 2. 


1G. A. Miller, Bull. Amer. Math. Soc., 6, 337, 1900. | 
2G. A. Miller, Trans. Amer. Math. Soc., 6, 60, 1905. | 


ARITHMETIZED TRIGONOMETRICAL EXPANSIONS OF 
DOUBLY PERIODIC FUNCTIONS OF THE THIRD KIND 


By Joun D. ELDER 
DEPARTMENT OF MATHEMATICS, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated June 28, 1929 


In a series of papers, Appell! discusses the problem of exhibiting a 
function, G(z), meromorphic and uniform, and satisfying the equations 
of definition 


G(z + ©) = G(z) 
G(z + wr) = e7?™* G(z) 


m an integer 2 0 


as a sum of simple elements, each having a single singularity in a period 
parallogram, and an integral function of z. The two cases, m > 0 and 
m < 0, are found to offer essential differences and Appell’s method is, 
in general, of practical use only in the case m <0. Appell’s method has 
been discussed, for m > 0, by Mr. M. A. Basoco in a California Institute 
of Technology dissertation. . 
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Appell defines 


n= 


A,(z, 9) = erin on™ —Voot(g — y — nmr) 


n=—@ 
int 


» aoe 
and shows that if F(z) is meromorphic and uniform, satisfies 
F(z + x) = F(z) 


F(z + rr) = e?**F(z) 
wan integer > 0 


and has, in a period parallogram, poles of orders /; at z = a;,1 = 0,1,...p 
with the corresponding principal parts 


LA RY 
j=1 (s — aj) 
then 


Se see. 
F(s) = 3 Ae 


: RY, 
isojur GG -—1)/ * 


where A“(z,a;) designates the result of replacing y by a; in the kth de- 
rivative of A,(z, 9’) with respect to y. It is not feasible to obtain ex- 
pressions for A“ (z, y) by direct differentiation of A,(z, y), but by replacing 
the cotangents by equivalent expressions in terms of exponentials and 
expanding, series are obtained which converge uniformly in a strip of the 
complex plain, whose general derivatives may be taken without difficulty. 
In this way expressions for AS [zg + ant, y + ant], A® [z, y + amr], 
A® [e + (a + 3)er, y + arr], and A” [2 + ant, y + (a + 3)x7] have 
been obtained which are valid for useful values of z, y, and a. 

These expressions have been used to obtain the expansions of all func- 
tions of the type 


F(z) = 9§(2)8{(2)82(2)84(2), 


where ?, g, s and ¢ are integers = 0 for which — [p+q+itts] equals 
one, two, or three; and in which the sum of the negative exponents is 
four or less. Each expansion obtained consists of a finite sum of single 
trigonometrical terms which show explicitly the singularities of the func- 
tion expanded which lie on the real axis, and a finite sum of terms, each 
of which is a singly or doubly infinite series, multiplied in general by 
theta constants. These series show, on arithmetization, a general uni- 
formity of structure. 

The arithmetization is made clear by considering a typical case. One 
of the series in the expansion of 8293(z)/9703(z) is 














=. oo 
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2 : > (—1)"t"[2(n + r) — 1]? gt™™ t+?" Yeos(2r — 1)z. 


n=lr= 


On writing N = n(n + 2r — 1) = ne the series takes the form 
+b+ 
2 aX d(- 1)? (8 + 8)*c0s (8 — b)z, 


where the second summation extends over all pairs, (b8), of conjugate 
divisors of N satisfying 0 < b < ~/N, 6 — b odd. 

The general result is now stated. Every series in the expansions ob- 
tained is of one of the four types 


Da D(a + pa)’ $3(a — waz, 


DL a* D6 + ub)! S3(8 — ub)z, 


“4 Dy + a) 3 r+. 


Se EG + ud) os, 


“|! 


where N equals aa, b8, cy, or dé, respectively, and the pairs (a,a) .. 
satisfy conditions similar to those given in the last paragraph. The sine 
or cosine is understood according as the function is odd, or is even. Each 
pole (in the period parallogram) of order h gives corresponding series in 
which / takes precisely the values h — 1,h — 3,..... ending in 0 or 1 
according as h is odd or is even. The factors multiplying these series 
are all simple functions of the corresponding RY’. 

These expansions, together with the details of the method, are con- 
tained in a thesis deposited in the library of the California Institute of 
Technology. It seems probable that general formulae for the expansion 
of any function of the type here considered may be obtained, containing 
as the only undetermined constants the RY. Some progress has been 
made in this direction and it is hoped to give complete results in a future 
paper. 

1 Ann. Sci. l' Ecole Normale Sup., Third Series, 1 (p. 135), 2 (p. 2), and 3 (p. 2.) 
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THE ENTROPY OF HYDROGEN 
By WortH H. RODEBUSH 
CHEMICAL LABORATORY, UNIVERSITY oF ILLINOIS 


Communicated June 17, 1929 


If the entropy of hydrogen is calculated directly from the thermal data 
a value of slightly less than 15.0 is obtained for the entropy of 1/2 He. 
The value obtained indirectly from the equilibrium between hydrogen, 
oxygen and water is between 15 and 16 entropy units. The discrepancy 
between these two values has not caused much concern because it could 
be easily accounted for by uncertainties in the thermal data at low tem- 
peratures. 

Now that it has been demonstrated by Bonhoeffer and Harteck! and 
by Eucken? that hydrogen is a mixture of two kinds of molecules which 
transform into each other so slowly that equilibrium will only be attained 
after a long period at low temperatures, the problem takes on a new aspect. 
It is obvious that the thermal data previously obtained at low temperature 
apply to a non-equilibrium mixture and that a higher value would in all 
probability be obtained for the entropy if the specific-heat measurements 
were made upon hydrogen which had been kept at low temperatures for a 
long time. R. H. Fowler* and Giauque and Johnston‘ have speculated 
at some length on the question. Fowler questions the applicability of the 
third law to what he calls a metastable state of hydrogen. The term 
metastable does not seem to be appropriate here. Monoclinic sulfur at 0°K. 
is metastable and presumably has zero entropy, but hydrogen is a mixture 
of two kinds of molecules which approach statistical equilibrium slowly. 

Giauque and Johnston consider that there are ten varieties of molecules 
present at low temperatures and that the entropy should be increased by 
the entropy of mixing these varieties. It seems doubtful if the entropy 
of a system of molecules which is not in statistical equilibrium can be 
calculated from a prior: considerations. 

The important point is, however, that from the standpoint of thermo- 
dynamics there are not ten varieties or even two varieties of hydrogen 
molecules so long as we deal with an equilibrium mixture of hydrogen. 
It is not necessary to take account of this equilibrium, any more than it 
is necessary to consider the various kinds of molecules present in liquid 
water, when we calculate the thermodynamic properties of that substance. 
It is only necessary to be sure that the equilibrium is attained. Fowler 
appears to think that this condition offers practical difficulties but as a 
matter of fact all of the reactions of hydrogen take place with the equi- 
librium mixture and it is only in the measurement of the thermal proper- 
ties at low temperatures that precautions must be taken to obtain equi- 
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librium. The two kinds of molecules differ presumably only in the 
possession of even and odd states of rotational energy, the odd states 
having a common weight factor of three as compared to the even states. 
This difference may be due to the orientation of nuclear spins but the 
coupling of the nuclear spins is presumably so weak that no differences 
would be observed in the thermodynamic properties of the two kinds of 
hydrogen, except, of course, the difference in the rotational heat capacities 
at low temperatures. We should, therefore, need only to determine the 
heat capacity of hydrogen gas under equilibrium conditions in order to 
calculate the correct value of the entropy, since the stable phase at low 
temperature consists entirely of molecules in the zero rotational state 
with unit weight, so that no difficulties will be encountered in the applica- 
tion of the third law. This, of course, is true only on the assumption that 
the thermodynamic properties of the condensed phases will show only 
“second order’’ effects with the change in relative amounts of the two 
varieties of molecule. ‘The measurements of Eucken on the heat capacity 
of the gas which has been held for a time at low temperature indicate that 
a considerably higher value will be obtained for the entropy from these 
measurements. 

However, it should not be necessary to make any heat capacity measure- 
ments at all, or any assumptions as to the thermal properties of the solid 
and liquid states in order to calculate the correct value for the entropy of 
hydrogen. Since hydrogen gas at low temperatures consists entirely of 
molecules in the zero rotational state, its entropy will be that of a mon- 
atomic gas of atomic weight 2.016. The entropy at 298°K. will be ob- 
tained by adding the integral §C,d1n T over the proper temperature 
range. ‘The heat capacity may be separated into a constant term 5/2R 
and the rotational term C,. 


£ 
Where E, is the total rotational energy per mol and }> is the series 
1 + 97 + 5e~® 4+ 21e7 1 + . 


h? 
Where o = Sx TkT 
C, is the heat capacity that would be obtained experimentally by heating 
the equilibrium mixture of hydrogen very slowly or in the presence of a 
catalyst. Using the value J = 0.480 X 10~* we obtain for the entropy 
of '/. He at 298 the value 17.0. 


. 
Apparently the integral Si C,d \n T contains all of the “symmetry” 
0 


T 
The integral f C,d In T is By + Rin >. 
0 


factors’ that need to be considered since it leads at high temperatures 
to the formula given by Fowler® for the chemical constant of a diatomic 
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gas. This comes about because for an elementary diatomic molecule 
half the rotational levels are missing so that while the energy and heat 
capacity at high temperatures are not affected, the term >> contains the 
factor !/, which is usually designated as. the symmetry factor. The value 
17.0 is somewhat higher than the values obtained by Fowler and by Giauque 
and Johnston from their considerations of the 3 to 1 mixture. 

It remains to be considered whether this value can be brought into 
agreement with the equilibrium data for reactions in which hydrogen 
takes part. Fowler assumes that agreement can be obtained only by 
adding hitherto unsuspected weight terms to the entropies of hydrogen 
compounds. This may very well be, but the prediction may be hazarded 
that these added terms will turn out to be corrections in the thermal data. 

As a matter of fact there are no reactions involving hydrogen in which 
the equilibrium data and all of the thermal quantities are known with 
sufficient exactness to determine the entropy of hydrogen with an un- 
certainty of less than one or two entropy units. It is not certain as yet 
that the third law as stated by Lewis and Gibson’ fails in the case of 
hydrogen. 

1 Bonhoeffer and Harteck, Naturwissenschaften, 11, 182, 1929. 

2 Eucken, Jbid., 11, 182, 1929. 

3R. H. Fowler, Proc. Roy. Soc., 118A, 52, 1929. 

4 Giauque and Johnston, J. Am. Chem. Soc., 50, 3221, 1928. 

5 Gibson and Heitler, Zeit. Physik, 49, 465, 1928. 

6 Statistical Mechanics, 147 Cambridge Press, 1929. 

7 Lewis and Gibson, J. Am. Chem. Soc., 42, 1529, 1920. 


IRREVERSIBLE TRANSFORMATIONS OF ORGANIC 
COMPOUNDS UNDER HIGH PRESSURES 


(Preliminary Paper) 
By P. W. BRIDGMAN AND J. B. CONANT 


JEFFERSON PuysIcAL LABORATORY AND THE CHEMICAL LABORATORY 
OF HARVARD UNIVERSITY 


Communicated April 8, 1929 


The observation was made some years ago that egg white was coagulated 
by the application of a pressure of 5000-7000 atm. for 30 minutes.! The 
present investigation was undertaken in order to discover what other 
types of essentially irreversible organic transformations could be brought 
about by the application of pressures greater than 3000 atmospheres, and 
to study in more detail the effect of pressure on protein solutions. We 
have as yet tried but relatively few of the many substances and mixtures 











Voi. 15, 1929 CHEMISTRY: BRIDGMAN AND CONANT 681 


which might be expected to undergo changes when highly compressed and 
which we hope eventually to study. 

The experiments were performed by filling small glass tubes of about 
2 cc. capacity with the organic material. The pressure was transmitted 
to the organic material by means of mercury. ‘The tubes were inverted 
in a steel container with their drawn-out ends open under a few centi- 
meters of mercury. The steel container was then placed in the usual 
high-pressure apparatus employed in the Jefferson Physical Laboratory? 
and the pressure transmitted to the mercury by means of kerosene. ‘The 
substances and mixtures which were not appreciably affected by sub- 
jection to a pressure of 10,000 atmospheres for 24 hours were as follows: 
amylene, pinacone, tert. amyl alcohol, diacetone alcohol, aniline acetate 
dissolved in aniline, solid maleic acid, benzoquinone dissolved in isopropyl 
alcohol, phenol dissolved in 20 per cent aqueous formaldehyde. 

Isoprene, 2,3-dimethyl-1,3-butadiene, styrene and indene were partially 
polymerized by being subjected to a pressure of 9000 atmospheres for 
24 hours. In the case of the styrene and indene the material was still 
liquid but on evaporation the polymer was obtained as an amorphous 
glassy material. ‘The di-enes (isoprene and dimethyl butadiene) under 
the same conditions were converted into a jelly-like solid. On standing 
in the air this diminished considerably in bulk and weight by evaporation 
of the liquid hydrocarbon, leaving a rubber-like solid, slightly yellow but 
transparent. Both isobutyraldehyde and n-butyraldehyde were con- 
verted to a soft, waxy solid by the action of 12,000 atmospheres for 40 
hours. ‘The reaction was evidently not complete since the material smelled 
strongly of the original aldehyde. The solid product was not one of the 
known polymers, since on standing 24 hours at room pressure and tem- 
perature it slowly changed to a liquid. This liquid was largely the un- 
changed aldehyde but contained also a very small amount of some higher 
boiling material which was insoluble in water and non-acidic. It will 
be necessary to prepare considerable quantities of the solid products from 
these aldehydes in order to discover the nature of the transformation which 
is involved in this case. 

A few experiments were carried out on the rate of polymerization of 
isoprene at different pressures. A sample of commercial isoprene was 
employed. It has a very disagreeable odor and left a very slight greasy 
residue on evaporation. Polymerization by the action of 12,000 atmos- 
pheres pressure for 50 hours yielded a tough transparent rubber-like solid 
with only a slight odor. On standing in the air there was practically no 
shrinkage of the solid product and it is evident that the polymerization 
was practically complete. The transparent solid obtained by the action 
of 9000 atmospheres for 24 hours was initially quite soft, and on standing 
24 hours in the open lost 60 per cent of its weight and shrank to a denser 
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rubber-like solid. On the assumption that the loss in weight by evapora- 
tion on standing represents the amount of unpolymerized isoprene, the 
results of our preliminary experiments may be expressed as follows: 


PRESSURE TIME PER CENT 
(ATMOSPHERES) (HOURS) POLYMERIZED 


12,000 50 Practically complete 
9,000 24 40-45 
6,000 48 10 
3,000 68 Only a trace 


In order to determine whether or not the mercury which was used to 
transmit the pressure had a catalytic influence, a glycerine-water mixture 
was used in one experiment at 6000 atmospheres. ‘The extent of the 
polymerization was the same as in the experiments in which mercury was 
employed. * 

For the study of the action of pressure on protein solutions, carboxy- 
hemoglobin was employed since we were particularly interested in ob- 
taining an insoluble form of hemoglobin. Several years ago Dr. Alice 
R. Davis observed the coagulation of blood under high pressures using 
the same apparatus as employed in our experiments (experiments un- 
published). The carboxyhemoglobin was prepared from crystallized 
oxyhemoglobin (horse) by pumping off the oxygen and saturating with 
carbon monoxide. The solutions used were about 10 per cent in hemo- 
globin and contained potassium phosphates in a concentration of 0.14 
mole per liter. About 10 cc. of the hemoglobin was subjected to pres- 
sure in each experiment. After removing from the pressure apparatus, 
the tube appeared to be filled with a reddish precipitate. ‘This precipitate 
was separated from the solution by centrifuging and the carbon monoxide 
content of the solution determined by the usual Van Slyke method. The 
precipitate resembles in appearance and behavior the “‘denatured’’ car- 
boxyhemoglobin obtained by the action of alcohol on carboxyhemoglobin. 
It is insoluble in water but soluble in dilute alkalies. 

On the assumption that the loss in carbon monoxide content of the 
solution represents the amount of denatured carboxyhemoglobin, the 
following figures on the rate of the process were obtained: 


INITIAL FRACTION REACTION VELOCITY 
CONCENTRATION TIME OF PROTEIN CONSTANT 
G. PER 100 cc. (HOURS) DENATURED (FIRST ORDER REACTION) 


Series (A) pH = 7.1 Pressure 9000 atm. Temp. 20-25° 
15 0.07 0.0048 
39 0.19 0.0054 
113 0.37 0.0041 
6.4 Pressure 9000 atm. Temp. 20-25° 
18 0.63 0.055 
18 0.64 0.057 
18 0.60 0.051 
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The data given above indicate that the denaturation of carboxyhemo- 
globin by pressure is essentially a first-order reaction and that the rate is 
a function of the acidity of the solution. A more detailed study of the 
factors effecting the denaturation is now being made and we hope to 
prepare enough of the denatured protein to examine it thoroughly. 

We are indebted to Mr. W. A. Zisman for assistance in manipulating 
the pressure apparatus and to Dr. R. V. McGrew for preparing and 
analyzing the hemoglobin solutions. 

* Experiments with different samples of isoprene have shown that impurities have 
a marked catalytic influence. Thus a sample of material prepared from limonene and 
freshly distilled was only 30% polymerized in 20 hours at 12,000 atmospheres. The 
same material after standing several weeks was 80% or 90% polymerized under the 
same conditions. Similarly two different samples of commercial isoprene showed 
even greater differences in their rate of polymerization. We are inclined to attribute 
the catalytic effects to the presence of peroxides. (Footnote added to proof July 
19, 1929. J. B.C.) 

1P. W. Bridgman, J. Biol. Chem., 19, 511, 1914. 

2 P. W. Bridgman, Proc. Amer. Acad., 49, 11, 1914. 


PROGRESS REPORT ON WEIGHT INCREASES IN LAMBS 
WITH AND WITHOUT RUMEN INFUSORIA 


By Every R. BECKER AND RALPH C. EVERETT 


DEPARTMENT OF ZOOLOGY AND ENTOMOLOGY, IowA STATE COLLEGE 


Communicated June 26, 1929 


The 14 lambs employed in this experiment were delivered to us on 
March 12, 1929, from the farm. They ranged in age from 5 to 29 days; 
sex, 8 males and 6 females. All were docked on May 18, and the males 
were emasculatomized on March 28. Mild administrations of CuSO, 
were employed for eliminating rumen infusoria during the period from 
April 7 to April 12. By May 1 we had divided the lambs into two lots 
of seven each, which on April 28 had shown respective aggregate weights 
of 190 and 185 pounds; the former lot being infusoria-free, and the latter 
infected with various species of Entodinium and Diplodinium. The two 
groups were offered the same amounts of whole milk (all discontinued on 
May 19 except for small amounts to two of the smaller lambs in each 
group), grain mixture and alfalfa hay. The amounts eaten will be give 
in a later paper. Water was given ad libidum. ‘The total weights in 
pounds of the two groups from week to week were as follows: 

apri, 28 may5 mayl12 may19 may 26 jUNE2 jUuNEQ9 JUNE16 JUNE 23 


Infusoria-free 190 206 238 270 278 290 320 341 346 
Infected 185 198 - 225 243 258 265 289 289 302 
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The total gain in weight for the infusoria-free lot in 8 weeks was 156 Ibs. 
as contrasted with 117 lbs. for the normal infected lot. Thus to date the 
infusoria-free lot has shown a weight increase of 133.3% as much as that 
of the other lot. The lambs were weighed individually and a table of 
individual weights each week in pounds and ounces will be published in a 
later paper. The experiment will continue at least until September first. 
The results of the experiment to date certainly indicate that, as measured 
by weight gains of growing animals, ruminants derive no benefit from the 
infusoria normally present in the first two divisions of their stomachs. 
We reserve our judgment as to whether or not these protozoa are a handi- 
cap until the experiment has progressed further. 

Acknowledgment.—The experiments reported in this note are being made 
possible by grants from the American Association for the Advancement 
of Science and from the BACHE FUND OF THE NATIONAL ACADEMY OF 
SCIENCES. 


THE METHOD BY WHICH RUMINANTS ACQUIRE THEIR 
FAUNA OF INFUSORIA, AND REMARKS CONCERNING 
EXPERIMENTS ON THE HOST-SPECIFICITY OF 
THESE PROTOZOA 


By Every R. BECKER AND T. S. HstunG 
DEPARTMENT OF ZOOLOGY, Iowa STATE COLLEGE 
Communicated June 28, 1929 


A successful method of obtaining infusoria-free ruminants for experi- 
mental purposes was recently reported (Becker,! 1929). After the diffi- 
culty of obtaining uninfected animals was surmounted, it was necessary 
to learn a number of facts concerning the life-history of these protozoa 
and the method by which ruminants naturally become infected, in order 
that we might maintain our animals azoic after they had once been ren- 
dered so. Observation by a number of workers that young calves, lambs 
and kids first show protozoa in the rumen and reticulum portions of their 
stomachs at about the time they begin to ingest hay led perhaps to the 
belief that the infection was obtained from the hay. 

Eberlein? performed the first experiments-in the nature of an effort to 
determine the source of infection. By means of a tube thrust down the 
esophagus of a kid he was able to obtain samples of rumen content for 
microscopic examination. He discovered that the kids which had not 
yet learned to eat hay did not harbor the rumen infusoria. After weaning, 
however, these protozoa were present in large numbers. Likewise, he 
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found that he could control the presence or absence of these organisms 
through manipulating the food of the host. Animals deprived of hay 
and put on an exclusively milk diet ceased to show infusoria. They 
returned, however, when the hay diet was resumed. This led Eberlein 
to make the oft-quoted statement that the hay, in connection with the 
water, is the source of the infection. He was led to the hypothesis that 
cysts (Dauerformen) were present on the hay, although he freely admits 
that he was unable to demonstrate such stages. He also unsuccessfully 
attempted to free the hay of this hypothetical source of infection by means 
of sterilization with heat. His failure led him to state further that it was 
practically impossible to kill the cysts. His attempts to cultivate rumen 
infusoria from the hay were also failures, although he mentions that Certes 
claimed to have cultivated similar organisms from dead leaves. The 
reason for Eberlein’s conclusions is clear to us now. As will be explained 
later on, he probably had not completely disinfected his kids by the milk 
diet, although his microscopic examinations had furnished him grounds 
for the belief that he had done so. 

Giinther* defaunated his animals with hydrochloric and citric acid—at 
least he considered that he had done so. He followed the administration 
of acid-filled paraffin-coated gelatin capsules with feedings of cooked oil 
meal, carrots, sugar beets, etc., and he gave boiled water for drink. It is 
very doubtful if his method was actually effective in killing off all the in- 
fusoria, for they will not develop in an animal on this diet; since, as 
shown by ‘Trier, chlorophyll and cellulose are essential for the growth 
of these organisms. ‘The infusoria returned when Giinther again put his 
animals on a hay diet. He also became committed to Eberlein’s hypothesis 
that the hay was the source of infection. He interpreted the fact that he 
could not infect his supposedly infusoria-free animals by means of hay 
cooked for three hours to mean that the heating had killed the cysts. 
To us it signifies that the cooking had rendered the hay an unsuitable 
medium for the multiplication of the few infusoria still present in the 
rumen, but this exact thought does not seem to have occurred to him. 
Like Eberlein, Giinther was unable to demonstrate the resistant forms in 
which he believed. 

Liebetanz‘ claimed that he had discovered, and indeed he figured, the 
cysts (?) on the hay which had eluded Eberlein and Giinther. Like 
them, however, he was unable to cultivate rumen protozoa from the hay. 
Unfortunately, some of his cysts, according-to Braune,® were proved by 
Giinther to be plant forms (Uredineensporen); while others, Braune de- 
clares, are worm eggs. Braune, who looked further for cysts, states, “Aus 
meinen bisherigen Angaben ist hervorgegangen, das es mirnicht gelungen ist, 
irgendwelche Dauerformen der Protozoen aufzufinden.’’ His animal in- 
fection experiments, in which he found that the hay contained the source 
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of infection, are open to the same criticisms as those of Eberlein and 
Giinther. 

“Regarding the Ciliata found in the rumen and reticulum of sheep and 
cattle,’ writes Fantham,® “‘it is interesting to record that species of Ento- 
dinium and Diplodinium may be found on wet grass and in aqueous 
washings of fresh grass and even of dried grass (fodder) from sheep runs 
and pasture. The firm cuticle of the Ciliata sufficiently preserves the 
organism during such exposure (7his we doubt!). Sheep and cattle are 
infected with the ciliates mentioned while eating grass and hay.”” We 
wish to state that we believe that it is not impossible that such forms 
were found just as stated above, provided the animals had grazed over 
the grass just before the samples were collected for examination. We 
have found the ciliates in the mouths of sheep. The ciliates are very 
short-lived, however, outside of their host. 

Becker and Frye”* (1927 and 1929) examined the feces of forty calves 
on a hay diet in a special search for cysts of the stomach infusoria. They 
were able to identify all the protozoan cysts which they found as those 
of Endamoeba bovis, Giardia bovis, Eimeria of two species and Buxtonella 
sulcata, a ciliate inhabiting the caeca of cattle. No forms which could be 
interpreted as cysts of rumen infusoria were found. 

Scheunert® (1927) has best expressed the present status of our knowledge 
regarding the mode of transmission of ruminant protozoa. He says, “Der 
Ursprung dieser kleinen Lebewesen ist trotz zahlreicher Untersuchungen 
(Eberlein, Giinther) noch nicht mit Sicherheit festgestellt, diirfte aber 
wohl zweifelsohne in der Nahrung der Tiere, und zwar nach Liebetanz im 
Heu zu suchen sein.” 

Our experience has been that an animal which is once freed of all of its 
rumen protozoa will not become infected from ingesting unsterilized hay, 
grass, feces of infected animals (either dried or fresh), grain, or water. 
It will not become infected if it is kept in quarters occupied for a long time 
by infected animals. These statements will prove rather startling to 
some. We believe that Eberlein, Giinther and Liebetanz fell down in 
their infection experiments through incomplete defaunation of their goats 
because of the imperfections in the methods they employed. We record 
below some of our experiments. All animals were kept isolated from 
contact with infected animals except where otherwise stated. 

Goat No. 3. Defaunation process completed Nov. 23, 1928. Given 
hay steamed one-half hour at atmospheric pressure and unsterilized grain 
daily. Remained free of infusoria until Jan. 23, 1929, when it was pur- 
posely infected. The attempted sterilization of the hay was altogether 
unnecessary because there are no cysts of ruminant infusoria on the hay, 
as we have since learned. 

Goat No. 4. Same record as Goat No. 2. 
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Goat No. 5. Defaunation process completed Dec. 8, 1928. Received 
unsterilized alfalfa hay and grain mixture daily up to present writing. 
Given through a stomach tube 5 grams dried goat feces from an infected 
goat daily for 8 days (Jan. 12 to Jan. 19). Given green corn plants from 
greenhouse daily from Jan. 19 to Jan. 24. On Jan. 26 the goat was 
given through a stomach tube 10 grams fresh feces collected from six 
sheep. On Feb. 25 a handful of fecal pellets from an infected goat was 
put into the drinking water. These were left there until March 9. 
The water drunk was renewed daily but the pail was not cleaned out. 
From April 13 to May 20 the goat spent part of each day in a movable 
cage on green grass. From April 27 to May 6 the animal was given, 
either through a stomach tube or by drenching, a gallon of dried stomach 
contents of a goat infected with Diplodinium hamatum, Entodinium longi- 
nucleatum and Isotricha prostoma. ‘This material was mixed up in water 
before administration. On May 6 and 7, 15 grams of mortarized dried 
cow feces from a manure pile were fed in the grain. On May 26 the 
goat was put into a 5 ft. X 9 ft. pen which had been occupied until the 
evening of May 25 by two infected goats, one for two months and the 
other for thirteen days. On June 15, a total of twenty-one days, the goat 
was still free of protozoa. Throughout all the experiments unsterilized 
water was given for drink. 

Microscopic examinations of samples taken from the rumen on Dec. 9, 
28, 30, Jan. 5, 11, 19, 24, Feb. 7, 13, 25, March 15, 26, April 14, 27, May 5, 
12, 20, 31, June 10 and 15 were all negative for infusoria. 

The foregoing account of our attempts to infect this infusoria-free goat 
includes almost every conceivable method except either direct or indirect 
contact with secretions from the mouths of infected animals. We believe 
that this experiment alone has shown that there are no sources of infec- 
tion in hay, water, feces, or even dried stomach contents of infected ani- 
mals. It should be mentioned that the flagellates Trichomonas and 
Callimastix and a smaller one, perhaps Sphaeromonas, returned in small 
numbers in about three weeks after the disinfection. It seems impossible 
to permanently exclude these flagellates. 

Goat No. 6. Sterilization completed Jan. 16, 1929. Unsterilized 
alfalfa hay and a grain mixture were fed throughout the whole experi- 
ment, either as the sole feed or as a supplementary ration. The drinking 
water-was offered to the animal just as it came from the tap. On March 
9 about thirty grams of fresh feces from two calves mixed with water 
was poured into the rumen through a stomach tube. Powdered dried 
goat manure was put in with the grain mixture at frequent intervals. 
The goat in the stall next to this one was infected with a number of species 
of infusoria. The goats were made to trade stalls at frequent intervals, 
but no mouth to mouth contacts were allowed. Feed boxes and water 
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buckets were traded at the same time, so that each goat kept its own. 
A few ounces of the dried stomach contents of an infected goat were fed 
on April 29 and May 3. Part of each day from April 13 to May 6 was 
spent grazing on a grass plot on the college campus. As reported below, 
some material containing horse infusoria was also fed to this animal. 

Microscopic examination once every week up to May 13 showed that 
the goat had not acquired an infection with infusoria. This goat, like 
the preceding, was exposed to a wide variety of conceivable sources of 
infection. Yet both animals were susceptible to the infusoria; for under 
the proper conditions, to be described immediately, infection did take 
place. We find in our work that it is very easy to infect any infusoria- 
free ruminant with a drop of infected stomach contents. 

Successful Attempts to Transmit the Infection—Goat No. 6. On May 
13 this goat put into a pen with an infected goat. It was permitted to 
eat from the same feed box and drink from the same water bucket that 
the infected goat used. No microscopic examination was made until 
May 25, when it was found to have become heavily infected with the 
same protozoa as its cage mate; viz., Isotricha prostoma, Diplodinum 
hamatum, Entodinium simplex and E. longinucleatum. Since the infected 
goat was very hostile toward the one which was not infected when first 
put into the cage, it is almost certain that no mouth to mouth contacts, 
as by licking, took place. Thus this goat, which had been free of in- 
fusoria since Jan. 16, became infected by eating from the same feed box 
and drinking from the same pail with the infected goat. 

Goat No. 5. On June 15 an experiment to test out further the mouth- 
contamination theory was begun. This goat, which had been free of 
infusoria since Dec. 8, 1928, was put into a 5 ft. X 9 ft. cage to graze on 
the grass with an infected goat. The two animals were not permitted to 
drink out of the same container. No licking or other mouth-to-mouth 
contact was observed, although this might have taken place. The cage 
was moved from place to place at frequent intervals, so that the two 
animals grazed over the same area together. They were also permitted 
to eat grain out of the same feed box. On June 22 a microscopic examina- 
tion of the rumen contents was negative for infusoria, but on June 24 
Entodinium was present. Licking each other’s mouths was never noted, 
but it is impossible to say that this did not occur, since the goats were 
not under constant observation. 

The conclusion which we draw from our experiments is that the infec- 
tion is transmitted through saliva which may moisten the feed while the 
animals are eating. That such. moistening does take place is easily 
demonstrable in the hay boxes from which our lambs feed, though part 
of the moisture is from the nasal secretions. It is possible also that the 
infection could take place through licking, or through the drink, but we 
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have not demonstrated this. The question may arise so to whether there 
are actually protozoa in the saliva of a ruminant. 

One of us (E. R. B.) on June 12, 1929, took a few drops of saliva by 
means of a pipette from far back in the mouth of seven infected lambs 
which had been observed to ruminate a few minutes before. In the 
sample from each lamb Entodinum was demonstrated by means of careful 
search under the low power microscope. Our transmission experiments 
which indicate that infection takes place by means of contamination from 
the mouth thus became easily intelligible. 

It is usually presumed that the infusoria of various species of ruminants 
are more or less non-specific for their hosts. We have demonstrated this 
to be true by infecting two azoic goats with Diplodinium hamatum, D. 
bursa, Entodinium longinucleatum, Entodinium simplex and Isotricha 
prostoma from a calf. D. bursa died out for some reason after about two 
months, but the rest persisted. We later infected a lamb with the pro- 
tozoa remaining in the goat. 

Our attempts to infect the rumen of an azoic goat (Goat 6, while in- 
fusoria-free) with certain species of infusoria in the colon contents and 
feces of horses were unsuccessful. We identified in the materials from 
the horse live specimens of Cycloposthium bipalmatum, C. scutigerum, 
Blepharocorys angusta, B. curvigula, B. jubata, Didesmis quadrata, D. 
ovalis, Bundleia postcilata, Tripalmaria dogieli, Triadinium caudatum, 
T. galea, T. minimum, Ditoxum funinucleatum, Tetratoxum unifascicula- 
tum, Spirodinium equi, Charon equi, Paraisotricha colpoidea and Allan- 
tosoma intestinalis. Although we checked up on the goat’s rumen con- 
tents for weeks after feeding these infusoria through a stomach tube, 
no infection took place. This shows that the horse infusoria will not 
develop in the stomach of ruminants, even though competition with the 
natural fauna of this region is eliminated by its complete removal. 

This experiment is of further interest because of the close relationship 
between two of the genera of horse and ruminant infusoria. Charon 
equi (lately described by Hsiung) is very similar to C. ventriculi Jameson 
from the cow. Dogiel has described a member of the genus Blepharo- 
corys, B. bovis, from cattle, but there is a possibility that this is a syno- 
nym of Charon ventriculi. ‘The horse infusoria include a number of species 
of this genus. Further, Bundleia postciliata has but recently been re- 
moved from the genus Buetschlia, which is found in ruminants. So we 
see that in spite of morphological resemblances these ciliates maintain 
distinct physiological relationships with their hosts which preclude their 
growing in widely different hosts or locations. 

Conclusions —1. ‘The source of the stomach infection of ruminants 
with infusoria is not naturally in the hay, grass, water, grain, feces, or 
even in dried stomach contents of infected animals. 
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2. Our experiments indicate either that cysts or resistant forms of 
these infusoria do not exist, or that they are extremely rare, and formed 
only under exceptional conditions. 

3. The infection is spread from one animal to another by mouth con- 
tamination. To become infected through the food an animal must eat 
food contaminated with infected saliva before it dries, for drying will 
kill the infusoria. The infection may perhaps also be spread by licking, 
or drinking contaminated water; but we have not proved this. We have 
excluded absolutely the water in one experiment, and it is extremely im- 
probable that licking occurred in either of the two in which we succeeded 
in obtaining infections under natural conditions. 

4. Living representatives of stomach forms may be found in the mouths 
of infected animals. 

5. Certain infusoria of the stomach of the goat, cow and sheep show 
no host-specificity within these three host species. 

6. The infusoria of the colon and feces (which come from the caecum 
and colon) of horses will not develop in the rumen of goats. 
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